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PHYSICAL CHEMISTRY 


POSSIBLE INFLUENCE OF THE ELECTRONIC STRUCTURE OF 
A METAL ON THE RATE OF AN ELECTROCHEMICAL REACTION 
TAKING PLACE AT ITS SURFACE !). I 


BY 


W. G. BURGERS anp M. J. BRABERS 
(Laboratory for Physical Chemistry, Technical University, Delft, Holland) 


(Communicated at the meeting of November 29, 1952) 


1. Electronic structure and catalyst activity 


In recent theories on heterogeneous catalysis by metal catalysts much 
thought has been given to the idea that catalyst activity, besides depend- 
ing on “geometrical” characteristics of the catalyst surface, is also, 
perhaps even preponderantly, correlated with the “electronic structure” 
of the catalyst, meaning herewith such factors as the degree of occupation 
of the Brillouim-zones or the energy and density of electron levels at 
the Fermi-surface. This is particularly evident from a recent discussion 
on heterogeneous catalysis held by the Faraday Society in 1950, at which 
several papers were presented dealing with this question. Some of them, 
together with other related papers, will be dealt with in what follows 2). 

The considerations given are on the whole qualitative in nature; more- 
over, the characteristic features of the electronic structure made re- 
sponsible for an increase or decrease in catalytic capacity are formulated 
in various ways, although they are certainly based on analogous reasonings. 
ScuwaB (1950) and co-workers, investigating the decomposition of formic 
acid into hydrogen and carbondioxide with alloys of the Hume-Rothery 
type as catalysts, found that the energy of activation increased within 
a homogeneous phase with increasing electron content, being particularly 
high in the so-called y-phase, which has a nearly completed Brillouin- 
zone of valency electrons. Assuming that catalytic activity in the reaction 
studied involves entrance of substrate electrons into empty levels of the 
first Brillouin-zone of the metal, it is stated that activity is directly 
connected with the degree of completion of the Brillouin-zones and 
thus with the electron concentration. 


1) A preliminary account of the results described in this paper has been 
presented at the 4th Meeting of the Comité International de Thermodynamique 
et de Cinétique Electrochimiques in Cambridge, September 1952. 

2) Short surveys of the relevant problems are to be found in Taytor (1950), 
De Boer (1951) and Scuurr (1951). 
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In papers dealing with transition metals (CourER and Evry, 1950, 
1951; DowpEN and ReyNotps, 1950; Beeck, 1950, BoupaRt, 1950, 
1952; SHERIDAN and Rerp, 1952), catalytic activity is generally connected 
with the presence of holes in the d-band, when reasoning along the lines 
of the free electron theory, or with vacant atomic d-orbitals or percentage 
d-character of the metallic bond, when Pauling’s valence bond theory 
is followed. These conceptions are supported by experiments with alloys 
of nickel and copper, and of palladium and gold. In these alloys the 
number of holes in the d-band, according to current metal theory as 
developed by Mort and Jonzs (1936; see for example HuME-RoTHERY, 
1947), decreases from 0.6 per atom for pure nickel or palladium to zero 
for alloys containing 60 at. %% copper or gold. It is experimentally found 
that catalytic activity either decreases gradually in this composition 
range, as in the case of the hydrogenation of styrene or the decomposition 
of formic acid by nickel-copper and palladium-copper alloys (REYNOLDs, 
1950; DowpEN and RryNnoups, 1950; RIENACKER, WESSING and TRAUT- 
MANN, 1938), or shows a sudden decrease on surpassing the 60 °%-com- 
position, as found by Couper and Exry (1950, 1951) for the para-ortho- 
hydrogen conversion by palladium-gold alloys ?). In such considerations 
it is assumed, as put forward explicitly by Couper and ELey, that, in 
the first instance, the electronic structure of the bulk material persists 
unchanged into the surface layer where catalysis occurs. 

A detailed analysis and discussion of the question which features of 
the electronic structure are responsible for catalytic activity has been 
given by DowbEN (1950), again on the basis that “‘bulk” and “‘surface”’ 
of the catalyst donot differ significantly as to number and properties of 
d-band holes. In this analysis Dowden distinguishes between catalytic 
reactions involving chemisorption by ion formation (positive or negative) 
or by covalent or metallic binding between substrate and metal. In 
connection with the subject of the present investigation, it is of interest 
to consider the first mentioned possibility, which involves the transition 
of an electron from substrate to metal (positive ion formation) or the 
reverse process (negative ion formation). The transition of an electron 
to or from the metal is thought to be controlled by three “electronic” 
factors: 

a) the electronic exit work function 9, 

b) the density of electron levels at the Fermi-surface g(E)z-—, and 

c) the gradient of this density G(E) = dg(E)/dEx-—,. Positive ion 
formation (possibly occurring in the hydrogenation of hydrocarbons or 
the decomposition of formic acid) is stated to be favoured by large values 
of these factors (the gradient (c) taken as positive), negative ion formation 


8) Rrendcker and Sarry (1948) investigated the same conversion with 
platinum-copper alloys as catalysts. These authors found also a decrease in activity 
for alloys with more than 60 % copper. The change is, however, less abrupt, the 
largest decrease taking place for compositions above 85 % copper. 


/ 
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(the decomposition of hydrogen peroxide is mentioned as a possible 
example) by small values ((c) being large negative). These conditions 
seem understandable, in so far large values of a) and c) mean a large 
gain in energy on transition of an electron into the metal combined with 
an increasing number of available energy levels, whereas for low values 
of a) and c) (large negative gradient) an electron is easily given off, the 
density of available levels increasing with progressing emission +). Reason- 
ing along these lines, DOWDEN analyses the results obtained by ScuwasB 
and co-workers with Hume-Rothery alloys, considering them to belong 
to a reaction category involving the taking-up of an electron by the 
catalyst, and finds them to be in agreement with expectation. ScHwaB’s 
own formulation, viz. that the non-completion of the Brillouin-zone 
favours catalytic activity, seems closely related to these views. 

With regard to transition metals, it is pointed out in Dowden’s paper 
that the level density at the Fermi-surface attains maxima in metals 
like nickel and palladium and decreases on alloying with copper, silver 
and gold. 


2. Electrochemical reactions taking place at electrodes 


The considerations in the foregoing section apply to “normal” catalytic 
processes in which the catalyzing metal surface is in contact with a 
gaseous phase. Attempts have also been made to connect the rate of 
electrochemical processes taking place in aqueous solutions at metal 
electrodes with their electronic character. In such cases the ‘‘over- 
potential” required for a definite current density (as expressed by the 
polarisation or Tafel-curve) may be considered a measure for the rate 
with which the reaction takes place at the chosen electrode °). 

Bocxkris (1947a, 1947b) compared for various metals the hydrogen 
overpotential, for equal current density and for similar conditions of 
the electrode surface, with their electronic work-function m and found 
that a higher value of the overvoltage corresponds with a smaller value 


4) The situation is not so clear to us with regard to the level density itself 
(factor b). We should rather expect a large value of this quantity, meaning a large 
number of available electron levels at the Fermi-surface, to favour as well the 
taking-up as the giving-off of an electron by the metal. This factor is brought 
forward by DowpEn and ReryNoups in their joint paper (1950), but not by 
DowvdEN (1950), when discussing ion-formation as the mechanism of. chemisorption. 
In this latter paper a large value of the level density is, however, explicitly 
mentioned as a factor favouring covalent binding. 

5) RanpuEs (1952), in a recent paper, defines the rate-constant of a “redox” 
reaction at an electrode in terms of the magnitude of the exchange current at the 
electrode, when it is in equilibrium with equal concentrations of the reduced and 
oxidized components. 

From the formulas developed for this quantity it appears, however, that for an 
electrode potential deviating from the equilibrium value the ‘‘over-all” reaction-rate 
depends again on the difference between these two potentials. 
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of gy. As the reverse (i.e. small g-low overvoltage °)) might be expected 
if the emission of an electron by the cathode and its capture by the 
approaching proton in the solution were the rate-determining step in 
the hydrogen development, the observed correlation was considered an 
indication that for the metals investigated the rate-determining step was 
different and, on the contrary, connected with the tendency of the metal 
electrode to take an electron away from the hydrogen atom once it was 
adsorbed on its surface, which tendency would precisely be favoured 
by a high work-function. A catalytic reaction of adsorbed atomic hydrogen 
forming hydrogen molecules might then determine the overall reaction 
rate “). 

According to ApAm (1941), the idea that the overpotential should 
depend on the electronic work function of the metal, is not justified, 
as electrons have also to be extracted from the reference electrode and 
the work-functions cancel out by a second contact potential elsewhere 
in the circuit. We think, however, that this statement has to be viewed 
with caution. It is true that the electronic work-functions of the metal 
electrodes cancel with regard to their influence on the equilibrium 
electromotive force of a galvanic cell (cf. GURNEY, 1936), but it follows 
not automatically, as far as we can see, that the same hold, when over- 
potential is considered (see also footnote 1°) furtheron). 

More recently HimMLER (1950) measured the hydrogen overpotential 
at electrodes consisting of alloys of copper with zinc, aluminium, indium, 
tin and antimony, elements which increase the electron: atom ratio. All 
alloys belonged to the a-solid solution range. It was found that in all 
cases the overpotential increases with electron concentration and, more- 
over, that the alloy containing 10 at. % of bivalent zinc had the same 
overpotential as those containing 5 at. % of the trivalent metals alumi- 
nium and indium, as may be expected if the electron: atom ratio in the 
alloy is the rate-determining factor 8). 

PIONTELLI (1949; 1950) and co-workers have carried out detailed 
investigations on the electrodeposition of metals, from which it appears 
that for some metals the “overpotential’”’ is practically negligeable, 
whereas it is relatively large for another group: for example, at a current- 
density of 5 mA/cm? 2/100 Volt in the first case against 1/10 Volt or 


*) The analysis of the rate of a redox-reaction by RANDLES (1952), mentioned 
in the foregoing footnote, seems to us to lead to an analogous dependence of the 
over-all reaction-rate on the electronic work-function of the electrode. 

") Recently, however, Bockris and Porrmr (1952) and Bocxris and PENTLAND 
(1952) have shown that for nickel and copper (which metals are among those cited 
in Bockris’ paper) the most probable mechanism of hydrogen overpotential at 
these metals in aqueous solutions is actually that of a rate determining discharge 
step, followed by a recombination of hydrogen atoms. 

*) Some eerlier results, obtained by READER and co-workers (cited in Himmler’s 
paper) point in the same direction. 
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more in the second °). To the first group belong a.o. the metals mercury, 
cadmium, lead and tin, to the second chromium, iron, cobalt, nickel, 
rhodium, palladium, i.e. in general the transition metals with an unfilled 
d-band. 

In trying to understand this different behaviour, PrlonreLii analyzes 
the factors which influence the capacity for ion exchange between metal 
and solution, in particular the binding-strength of the atoms (ions) in 
the metal crystal lattice. As, according to Pautine’s theory of the 
metallic state, cohesion in the lattice of the transition metals, on account 
of their partly filled d-zone, is strong (binding between atoms being 
brought about by hybridization of s, p and vacant d-orbitals), ion-exchange 
with the solution may be expected to be relatively difficult for these 
metals. Their electrolytic behaviour is therefore related to the electron 
structure of the metal, but, in PIONTELLI’s train of thought, not so 
much “directly” as in a “‘secundary” way. 

It is otherwise in Untic and Wutrr’s theory (1939; 1944; 1948; 1951) 
on the cause of electrochemical passivity of the transition metals. These 
authors consider passivity to be connected with the formation, on the 
surface of the metal, of a chemisorbed monolayer of negatively charged 
oxygen ions (or, in case chromates are used as corrosion inhibitors, 
chromate ions). As metals with unfilled d-electron bands can form strong 
electron-shared bonds with the adsorbate, transition metals are generally 
expected to exhibit pronounced passive properties, which is in agreement 
with many experimental facts. In UHLie’s conception electrochemical 
behaviour depends on electronic characteristics of the metal in a “primary” 
way, akin to that suggested in explaining the capacity of transition 
metals to catalyze hydrogenation reactions, as discussed in the foregoing 
section (cf. also Boupart, 1950). 


3. Experimental determination of polarisation-curves for the reduction 
of ferric to ferrous ion at silver-cadmium and palladium-gold electrodes 


On the basis of the results and considerations discussed in the fore- 
going, we thought it possible that also the “rate ’’of an electrochemical 
redox-reaction, involving the taking-up or giving-off of an electron at 
an “‘indifferent”’ metallic electrode, might depend on the electronic structure 
of the latter. Again assuming that at low-current densities the “over- 
voltage” might be considered a measure for the reaction rate, we determined 
for such a reaction a series of polarisation-curves, at current densities 
up to a few mAmp./cm?, under possibly corresponding circumstances of 
electrolysis. ; 

The reaction chosen was the reduction of ferric- to ferrous-ion in 


®) The experiments were performed in such a way that effects due to concen- 
tration polarization or the formation of insoluble layers at the surface of the metal 
were eliminated. 
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aqueous solution !), Fei,*+ + & + Fei,’ ; as electrodes we investigated so 
far two series of alloys, namely silver-cadmium and palladium-gold. The 
first series, which was also investigated by Scuwasz and co-workers as to 
its capacity as a catalyst for the decomposition of formic acid, is of the 
Hume-Rothery type, in which the filling-up of the first Brillouin-zone 
of valency-electrons varies with the composition; whereas in the second 


series the number of holes in the d-band is varied. 


4, Ag-Cd-alloys 


From the phase-diagram of silver-cadmium (see for example HANSEN, 
1933) it appears that silver dissolves up to approximately 45 at. % cad- 
mium in solid solution, forming the cubic face-centred a-phase; from 45 
up to 51 at. % follows a two-phase region of a and cubic body-centred 
B, which latter phase is stable from 51 up to about 53 at. %. From 53 
up to 59 at. % there is again a two-phase region of 6 and y (cubic with 
52 atoms per unit-cell), followed by the y-field up to 63 at. %. 

Alloys were prepared from “‘purest silver’? (Drijfhout, Amsterdam) 
and cadmium (Merck, Darmstadt ‘‘for standard-cells’”) by melting to- 
gether weighed quantities of about 10-15 grams in quartz tubes, closed 
at one end, which, after evacuating, were sealed. Melting was carried 
out in an electric furnace under continuous shaking, at temperatures 
about 70° degrees above the melting points. The tubes were then quenched 
in water and the alloys, while still in the sealed tubes, homogenized by 
heating in vacuo for a few hours at temperatures about 2/3 of that required 
for melting. Alloys were prepared with 0; 9; 19; 29; 39 and 43 at. % 
Cd (all a), 46 and 49 at. % (a + f), 51 at. % (f), 54 at. % (6 + y) and 61 
at. % (y). Up to the composition of 39 at. % the alloys could be rolled, 
and flat electrodes made with a surface of about 2 cm?; alloys, however, 
with more cadmium were too brittle; to obtain flat electrodes also in 
these cases, quartz tubes of special shape with a flat end were used, so 
that the solidified melts had a plate-like shape. The crystallographic 
structure, homogeneity ") and crystallite size of the electrodes was 


controlled by X-rays: the crystallite size proved to be not larger than 
about 0.01 mm. 


FO : ; ‘ ; 
) Very recently published considerations and experiments by LEwarTowr1cz 


(1952) lead this author to the conclusion that for this redox reaction the polarization 
curve for low overvoltage is actually determined by the transition of the electron 
from the electrode into the solution. 

“) It is well-known that the sensitivity of the Desyn—-ScHeRRER method to 
detect the presence of a definite phase is restricted, so that absence of its interference 
lines cannot be taken as a definite proof that this phase is not present in quantities 
of for example 1% or even more. This possibility cannot be excluded for the 
alloys made by us, in particular for the y-alloy, with its complicated pattern of 


lines. The fact, however, that this alloy was exceptionally brittle, makes it very 
probable that it contained only or almost only this phase. 
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As electrolyte we used at first an equimolar mixture (0.05 + 0.05 mol./ 
liter) of ammonium ferric sulphate and ammonium ferrous sulphate 
(“pro analysis’). It appeared, however, that, due to the high value of 
the Fe*+++/Fe++-redox potential (0.65 Volt at a platinum-electrode) 
compared with the standard Cd/Cd*++-potential (about — 0.40 Volt) 2%), 
constant potentials were not obtained, most probably due to a dissolving 
of cadmium from the surface of the electrode }) 14). 


Cathode: Ag-Cd alloys 

Electrolyte: K,Fe(CN), + K,Fe(CN), 

Satisfactory results, however, were obtained by using a mixture of 
potassium-ferro- and potasssium-ferri-cyanide, K,Fe(CN), + K,Fe(CN), 
(same molecular strength as before). Using this electrolyte, complete 
polarization-curves, giving the potential as function of current-density, 
were measured for all the electrodes, in an arrangement as shown 
schematically in fig. (1). 


Potentiometer 


NHNO;Soin Fe* * */Fe*".soin 


Fig. 1. Experimental arrangement (schematic). 


The surface of the electrodes was lightly polished with clear emery 
paper, thereafter rinsed with water and dried with filter paper. The 
capillary leading to the reference electrode was in all cases pressed against 
the electrodes. As often in measurements of this kind, steady potential 
values could only be obtained after the current had passed for some 
time through the solution. Measurements were therefore carried out 


12) All potentials are referred to the standard hydrogen-electrode. 

18) Even when placed in a 0,1 n CdSO,-solution, in absence of Fe+*++- and 
Fe++-ions, the Ag-Cd-alloys didnot show constant potentials: starting from an 
original value of about + 0.24 V., it increased up to about + 0.34 Volt in about 
one hour. Although an X-ray photograph of the surface of the electrode didnot 
indicate (by a change in lattice parameter) that cadmium had gone into solution, 
yet it seems probable that the observed increase is due to a diminution in cadmium 
content of the extreme surface layer. The presence of oxygen in the solution may 
be the cause of this phenomenon. 

14) Constant potentials could, however, be obtained with the ammonium- 
sulphates, when an inhibitor was added to the solution: see further in the text. 
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following a definite scheme: at first a current of a density lying about 
midway in the applied range was passed through the freshly prepared 
solution for about 10 minutes, to eliminate contaminations. Then a 
series of potential measurements was made with increasing current 
densities, an approximately steady value being each time obtained after 
passing the current for about 5-10 minutes. Polarization-curves obtained 
in this way were reproducible within about 10 mVolt, if repeated immedia- 
tely. Much larger differences were observed between curves measured 
with new solutions, or repolished electrodes. The general trend, however, 
of the curves obtained was the same in all cases. For this reason it suffices 
to give the data for one series of measurements for each system of 
electrode + electrolyte investigated. 


Cathodes Ag-Cd alloys t 
Electrolyte K,Fe(CNig + KzFe(CN)¢ 


Ag 


at % Cd ——e 


05 Qs 03 a2 01 0 


Fig. 2. Polarization curves (current density versus overvoltage) for the reduction 
Fe(CN),-~- +6— Fe(CN)s ~~~ at Ag-Cd electrodes. 


Finally, it must be said that only cathodic curves are given, the 
anodic curves being far less reproducible, probably due to a simultaneous 
reduction of oxygen contained in the electrolyte oa 

Fig. 2 and 3 show the results of the mesaurements: fig. 2 gives the 
complete polarization-curves, whereas in fig. 3 the current density measured 


15 thant ; : . : 7 eee 
) Similar difficulties with anodic polarization-curves for redox-reactions are 


mentioned by vther investigators: for exam 7 
OTS : ple by Verrmr and Manecke (1950 
for Mnt+++/Mn++, and by Verrmr (1951) for Cet+++/Cet++, 
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at an over-potential of 250 mVolt is plotted as a function of alloy 
composition. 

It is clear from these figures that the rate of the cathodic reaction 
Fe(CN)s ~~ + 6 Fe(CN)s ~~, as measured by the current density for 
a chosen over-potential, decreases with increasing cadmium content 
within the a-solid solution range, then, on trangression of the phase- 
boundary it increases again within the a + 8 —two-phase region and 
assumes anew low values in the f- and £ + y-region, to assume finally 
a lowest value in the y-phase. Although the exact course of the plotted 
curve would be different for another value of the overpotential, a con- 
sideration of the polarization-curves will show that its general character 
is not affected in this way. 


Cathodes. Ag-Cd alloys 
Electrolyte. K,Fe(CN)g +K3Fe(CN)g 


ne m4 2= tat% Ca) 
£=250mv 


Fig. 3. Current density for an over-potential of 250 mV. as a function of electrode 
composition, deduced from fig. 2. 


Cathode: Ag-Cd alloys 
Electrolyte: (NH,)Fe(SO,). + (NH,),Fe(SO,). + inhibitor 


After these results were obtained it was found that reproducible 
measurements could also be made with the ammonium-sulphates, if only 
an inhibitor was added, for example tertiary butyl alcohol (35 gram was 
added to 250 mL of a 0.05 + 0,05 mol./liter solution). The measurements 
in this case were even better reproducible than with the complex cyanides. 
However, the solution showed such a pronounced tendency to hydrolyze 
that it was necessary to measure the complete set of curves for all the 
electrodes within one day. The results of such a series is given in 
figures 4 and 5, which are similar to figures 2 and 3 (fig. 5 only referring 
to an over-potential of 320 mVolt against 250 mVolt in fig. 3). 
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It appears from fig. 4 that in this case the course of the polarization- 
curves is rather bizarre, some curves showing practically no polarization 


Fig. 4. 


Ag 5 9 19 39 29 
b =a al XCa 
300 7, 
280 49 
260 
240 Cathodes Ag-Cd alloys 
Electrolyte (NH,),Fe(SQ), + NH,FeSO,) 5 
inhibitor tert Butylalcohol 
220 
200 
> may 2 
46 
) 1 2 3 4 5 6 


Polarization curves (current density versus overvoltage) for the reduction 


Fet++ + 6 ->Fet+ at Ag-Cd electrodes, in the presence of tertiary butyl alcohol. 


Fig. 5, 


Cathodes Ag-Cd alloys 

Electrolyte (NH/)>Fe(SO)) + NH, Fe(S QJ, 
inhibitor tert.Butylalcohol 
mA 2=tlat%cd) 


6 £ =320mvV 


0 
10 20 30 40 50 60 


Ag at% Cd —e —e Cd 


Current density for an over-potential of 320 mV. as a function of electrode 
composition, deduced from fig. 4. 
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(horizontal course in the figure) for current densities up to about 4mAmp./ 
cm?, others (for cadmium contents above circa 40 at. °%) having potential 
values at zero current far below that for alloys with less cadmium. It is 
therefore not well possible to trace in a representative way the course 
of the current density for an arbitrary over-potential, as the result is 
rather dependent on the value chosen. In fig. 5 it has been done for such 
a value that current densities could be read off within the whole a-range 
of alloys. Most remarkably, as compared to fig. 3, the rate of the reaction, 
as measured by the current, increases here with increasing cadmium 
content, although again the reaction seems to meet with the largest 
resistance for an alloy with a composition of 46 at. % Cd, close to the 
limit of the a-range. 


(to be continued). 
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5. Pd-Au alloys 

Electrolyte: (NH),Fe(SO,), + (NH,).Fe(SO,), 

Gold and palladium form homogeneous solid solutions over the whole 
range of composition, the structure being cubic face-centred (see 
Hansen, 1933). 

The alloys were prepared by Messrs. Drijfhout (Amsterdam) with 
compositions 0, 17, 29, 42, 55, 73, 88 and 100 at. % Pd, the compositions 
being guaranteed within 1 %. They were available in the form of rolled 
strips of 1 x 2 cm?, which could be fastened in a plastic holder, mounted 
on a slide as shown in fig. 6. This arrangement enabled for all electrodes 
to apply the same “‘pressure’’, when adjusting the capillary of the reference 
electrode against the cathode, and moreover allowed the adjustment of 
a constant distance (about 10 cm) between cathode and (platinum) 
anode. The electrolyte was again a (0.05 + 0.05 molar)-solution of ferric- 
and ferrous-ammoniumsulphate. Also in this case constant values of the 
potential for each current density could only be measured after a definite 
waiting-time. 

The so-obtained polarization-curves are shown in fig. 7, whereas in 
fig. 8 the over-potential measured for a chosen current density (of 
5 mA./cm?) is plotted as a function of electrode composition '). It is 
obvious from these figures that the rate of the cathodic reaction 
Fet++ + 6 — Fet+ changes with composition of the electrodes and shows 
a pronounced minimum value (as expressed in fig. 8 by a maximum 
in the over-potential for a chosen current density) for a composition 
in the neighbourhood of 40 at. % Pd -— 60 at. APR 


6. Discussion of results 


c : A e _ 
It appears from the results shown in the figures 2-3, 4-5 and 7-8 that 
in the cases investigated the rate of the redox-reaction Fet++ + 6 — Fett, 
18) This figure is therefore different from the corresponding figures 3 and 5, 
where the current density is plotted for a chosen over-potential. The course of the 
polarization-curves in fig. 7 is, however, such that the change from one curve to the 
other appears most clearly in a “section” for constant i. 


W. G. BURGERS and M. J. BRABERS: 
electronic structure of a metal on the 
reaction taking place at its surface. 


Possible influence of the 
rate of an electrochemical 


Fig. 6. Arrangement used in the measurement of polarization curves with Au-Pd 
alloys. 
a. Reference electrode (calomel). 
b. Cathode. 
c. Anode. 
The reference electrode a can be adjusted against the cathode b by means of the 
screw d. 


aL 


£2 
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measured as current density for a chosen over-potential, depends in a 
marked degree on the composition of the metal used as cathode, and 
moreover that its course shows a remarkable parallelism with that found 
for the catalytic activity of the same alloys, as discussed in the beginning 
of this paper. In fact, as to the silver-cadmium alloys of Hume—Rothery 
type, it appears that both the catalytic decomposition of formic acid, 
as found by Scuwas and co-workers (in which case the metal is supposed 
to take-up an electron) and the electrolytic reduction of the ferric ion 


Cathodes Au-Pd alloys 
Electrolyte (NHz)>Fe(S0,))+ NH;Fe(SO;), 
oE= flat% Pda) 


’ a5 Py 


4 E(mvV) aE(mV) 


Cathodes. Au -Pd alloys 
Ekctrolyte (NH) 2 Fe(SOj)a + 


NH, Fe(SO,) > 
Hae 7, Fig. 8 
Fig. 7. Polarization curves (current density against overvoltage) for the reduction 


Fe+++ + 6 + Fett at Au-Pd electrodes. 


Fig. 8. Over-potential for a current density of 5 mA./cm? as a function of alloy 
composition, deduced from fig. 7. 


(involving a giving-off of an electron by the metal to the electrolyte) 
apparently meet with more resistance with increasing filling-up of the 
first Brillouin-zone, the resistance being apparently largest for phases 
with a nearly completed zone 1”). 

With the palladium-gold alloys, which differ in the degree of filling-up 
of the d-band, both the catalytic activity of the para-ortho-hydrogen 
conversion as found by Couper and Exery (1950) and the electrolytic 
reduction of ferric into ferrous ion show a remarkable course at the 

17) As set forth in section 4, the results obtained with the same alloys on addition 


of an inhibitor donot fit completely into this scheme and show at least partly a 
different course. 
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composition where the d-band is completely filled, namely a jump in the 
energy of activation in the first case, and a minimum in reaction rate 
(maximum in over-potential) in the second. This minimum, moreover, 
is refound in DowDEN and REYNOLDS’ experiments (1950) with nickel- 
copper (which system is analogous from the point of view of filling-up 
of the d-band) both with regard to the catalytic hydrogenation of styrene 
or decomposition of formic acid (involving the taking-up of an electron 
by the catalyst) as to the decomposition of hydrogenperoxyde (involving 
the giving-off of an electron) **). 

Considering the electrode as a supplier of electrons required for the 
reduction, it seems attractive to interpret the dependence of reaction- 
rate on electrode composition in terms of the electronic structure of 
the electrode, applying reasonings analogous to those suggested when 
considering the influence of electronic structure on catalytic activity, 
and to correlate it to the capacity of the metal (alloy) to give-off an 
electron. In doing so, we meet, however, with several difficulties. 

First, we may consider the influence to be active only at the boundary 
between electrode and electrolyte. Then the question arises whether 
this influence has to be considered to be direct, namely related to the 
capacity of the metal electrode as such to give off an electron, or whether 
it acts in a more indirect way, for example by influencing the capacity 
of the electrode to form, at its surface, an electric double-layer by 
adsorption of the complex ions or the inhibitor, the double-layer varying 
in “strength” with composition of the alloy. 

Secondly, however, we have to keep in mind that on varying the 
composition of the electrode, not only the nature of the boundary 
electrode-electrolyte is changed, but also the metal-metal boundary 
between electrode and anodic metal (c.q. the metal used as connecting 
wire). For each electron given off by the cathode to the solution, an- 
other electron is taken up at this metal-metal contact 1%). 

The entirety of factors which may exert an influence here is too complex, 
so at least it seems to us, to allow of a general interpretation of the 
results obtained, and we donot know otherwise at this stage than to 
present the results so-far obtained. (In the “appendix”? we have ventured 
to give an “‘ad hoc explanation”? for some of the results observed by 
applying a simplified reasoning). It is intended to continue these researches 
in order to find out whether other instances can be found of effects of 
the type brought forward here. As a next step in this direction we 
intend to use bismuth as an electrode. It is well-known that the “electronic 

*8) See also Unuie (1952) for the occurrence of passivity in Ni-Cu-alloys. 
According to PIonTELLI (1952), the fundamental property of the intermetallic 
contact is being “‘inpolarisable”, in the sense that the Volta and Galvani potential 


differences localised in these contacts seem to be independent on the passage of 


current. This would allow the practical localization of the changes of voltage due 
to current flow at the metal-solution contact. 
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structure’ of this metal can be changed considerably by the addition 
of small quantities of definite “impurities”. and it seems worth while 
to investigate whether such additions have also a marked influence on 
electrolytic reactions as considered here. 


7. Appendix 

It appeared to us that the observed course of the reaction-rate for 
the cathodic reduction at silver-cadmium electrodes as a function of 
electrode composition (as shown in fig. 3) might be ‘understood’ on 
the assumption that the density of electron levels at the Fermi-surface 
is the main determining factor, both for the rate of taking-up and the 
rate of giving-off an electron by the metal 2°). Fig. 9 gives the number 
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Fig. 9. Number of electrons, N(E), per atom and per unit energy range (eV) as 

function of energy, E, for the cubic face-centred phase (curve a) and the cubic 

body-centred phase (curve b), as calculated for copper-zinc alloys by JonsEs (1937). 

The ordinates p, g and 7 correspond to electron-atom ratio’s of approximately 
1, 1.41 and 1.45 respectively. 


of electrons, N(E) per atom per unit energy range, as function of energy 
(E) as calculated by Jonzs (1937) for the cubic face-centred (curve a) 
and the cubic body-centred (curve b) phases (the curves given are actually 
deduced for brass, but might not be much different for silver-cadmium). 
Taking the number of free electrons per atom of copper (silver) to be 
one, and using the numerical values of figure 9, the density of levels at the 
top of the Fermi-surface in the pure metal is given by p. The boundary 


20) This involves the “‘ad hoc” assumption that a variation in electronic exit 
work function may be ruled out. 
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of the a-phase lies (see JonEs’ paper) at an electron-atom ratio 1,41, 
corresponding to ordinate q, the boundary at the end of the a + B-two- 
phase region, i.e. the beginning of the homogeneous f-phase, at a ratio 
1,45, i.e. ordinate r. 

Now, according to these positions, the level-density decreases from 
p to q within the a-phase with increasing zinc (cadmium) content up 
to the a+ f-boundary, then on transgression of this boundary a new 
phase with a larger level-density given by r is formed, whereas within 
the homogeneous f-phase the level-density decreases anew. If therefore 
we assume the reaction-rate of the redox reaction to be determined by 
this level-density, the decrease of rate within the a-phase, the increase 
within the two-phase region (consisting of a “mixture” of phases with 
densities g and 7, the latter steadily increasing in quantity with increasing 
zinc (cadmium) content) and the subsequent decrease in the homogeneous 
B-phase could be ‘‘qualitatively’” understood. Of course, as said above, 
we donot intend more than to point at this parallel, as it is doubtful 
whether considerations of this type are in any way justified. 


Summary 


In recent experiments on heterogeneous reactions taking place at 
metal surfaces a correlation has been found between the factors governing 
the reaction rate and the electronic structure of the metal. So for example 
according to ScuHwas the energy of activation required for the decom- 
position of formic acid into carbondioxyde and hydrogen, with alloys 
of the Hume-Rothery type as catalysator, increases within a given phase 
with the electron concentration; moreover, its value is a maximum for 
the y-phase, which has a nearly completely filled Brillouin zone. 

In another set of experiments, related from the point of view under 
discussion, CouUPER and Exny observed that the activation energy for 
the ortho-para-hydrogen conversion under influence of palladium-gold 
alloys as catalysator, showed a sharp increase at 60 at. % gold, at which 
composition the d-band is completely filled. 

Other examples .are discussed in the text and a survey is given of 
theoretical arguments brought forward to explain the results obtained. 

On the basis of these results it was thought possible that the rate of 
an electrochemical redox process taking place at an “indifferent’’ electrode 
might depend on similar factors. To test this assumption polarization 
curves were determined at low current densities (up to a few mA/cm2) 
for the redox reaction Fe+++ + 6 = Fet+, using as electrodes alloys of 
silver and cadmium, with compositions varying from zero to approx. 
63 at. %, that is within the homogeneous a-, B- and y-ranges and the 
a-+ 6 and f + y-two-phase regions. Due to the electronegative potential 
of cadmium, difficulties were encountered when using mixtures of the 
ammoniumsulphates as electrolyte. However, with the potassiumeyanides 
the polarization curves showed, for a given overpotential, a continuous 
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decrease in current density with increasing cadmium content up to the 
boundary of the a-solid solution, followed by a pronounced increase for 
alloys in the a-f-two-phase region, and again a very low current density 
within the y-region. 

A second series of measurements was made using as electrodes alloys 
of palladium and gold. Also in this case the course of the polarization 
curves showed a pronounced dependence on the composition of the 
electrode, and had a maximum in overvoltage, for a chosen current 


density, at about 60 at. % gold. 


In the discussion the question is raised whether these results can be 
explained on similar grounds as those brought forward when considering 
the influence of electronic structure on catalytic activity. 


This work is part of the research programme of the “Stichting voor 
Fundamenteel Onderzoek der Materie”’ and was made possible by a financial 
support from the Netherlands Organization for Pure Research (Z.W.O.). 


Delft, November 1952. 
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GEODESY 


PHYSICAL GEODESY. I 
BY 


F. A. VENING MEINESZ 


(Communicated at the meeting of December 20, 1952) 


§1. Introduction 


The dominating part played by gravity in human life at the Earth’s 
surface has put its stamp on the science and practice of Geodesy. For 
surveying the Earth’s surface it is indicated to distinguish between the 
determining of the relative positions of the different stations in the 
horizontal plane and the measuring of their elevations. Thus, from the 
earliest time onwards, the direction of gravity has been adopted as a 
coordinate-axis for determining the elevation of a station and a horizontal 
surface for measuring its relative position with regard to other stations. 

For surveying small areas of the Earth’s surface this leads to a simple 
orthogonal coordinate system with the gravity direction as its vertical 
coordinate and a horizontal plane for the two other coordinates. 

For larger areas this system has been maintained but the horizontal 
surface is then no longer a plane; it may be defined as a surface in each 
point perpendicular to the direction of gravity or, in other words, as an 
equipotential surface of gravity. The equipotential surface at mean sea- 
level, which has always been used as datum-level for the elevation- 
coordinate, has been called the geoid. As it is well known, the geoid is 
in near approximation a rotation-ellipsoid; it deviates from it by more 
or less wide-spread rises and depressions which probably do not exceed 
some 50 meters in vertical amplitude. 

As the vertical coordinate-axis is assumed to follow the direction of 
gravity, it likewise is not strictly a straight line, but for elevations of 
only a few kilometers in positive or negative sense the deviation at right 
angles to it may usually be neglected; it seldom will attain a value of 
more than a few millimeters. 

The instruments used in Geodesy are in harmony with the choosing 
of gravity as a coordinate-axis; practically all are provided with levels 
for bringing their main axis to coincidence with the direction of gravity. 
The practice of geodetic surveying likewise adopts the above principles; 
the determining of the elevations is an entirely separate discipline from 
that of the surveying in the horizontal plane. 

In many regards, however, Geodesy does not strictly keep to this 
system. In the first place we may mention the deviations in the vertical 
sense, i.e. in the determining of the elevation. If we examine the problem 
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more carefully we find, as it is well-known, that if a surface at an elevation 
of a certain number of units is again to be level or, in other words, to be 
an equipotential surface, the unit of elevation can not have a linear 
character as e.g. the meter, but that it must be a unit of potential energy; 
a surface having everywhere an elevation of the same number of meters 
— this is usually called a surface of equal orthometric elevation — is 
not level although it may only slightly deviate from it. If we assume 
that the gravity field of the Earth outside the geoid is everywhere given 
by the formula for normal gravity at sea-level and by a variation with 
altitude given by the free-air reduction formula combined with double 
that for the Bouguer reduction for a rock density of 2.67, and if we introduce 
the meter as elevation unit at sea-level and 45° latitude, we obtain the 
difference between equipotential and orthometric surface to be 


(1) € = 0.0026 H cos2y + 0.44 x 10-7 x H?® meter 


in which @ is the latitude and H the elevation in meters'). For an 
elevation of 3000 m at the equator this gives a difference of about 8 m 
and for this same elevation at the poles we obtain nearly the same value 
but with reversed sign. So we see that these differences, although not 
large, are far from negligible. As it is well known these effects play also 
a disturbing part in precise levelling in mountainous areas. 

It is clear that our assumptions about the gravity field are too simple; 
if there are anomalies or if the topography is irregular a slight correction 
will be necessary. We shall, however, not enlarge on these problems 
here, because the question of these deviations between the orthometric 
and the physically defined elevations has the attention of the International 
Association of Geodesy; in the meetings at Oslo and Brussels the subject 
has been dealt with at great length. In some countries, as e.g. in France, 
both results have been published in order to give the reader the benefit 
of being able to apply those which best fit the purpose for which he needs 
the elevations. The whole problem is a striking instance of how the 
physical circumstances and the mathematical systems may clash. 

This occurs also with regard to the problems of projecting the stations 
at the physical surface of the Earth to sea-level and the surveying of 
the relative positions of these projections. The problems here raised are 
connected with the deviation of the geoid from the ellipsoid and not of 
the geoid from the sphere as it is the case with the difficulties just mentioned 
regarding the elevations. The system usually adopted for these problems 
is to apply the results found for the triangulation to the rotation-ellipsoid 
as if they had been observed with regard to this surface. Eventually 
— but rather seldom — corrections for the fact that the survey had 
regard to the geoid are applied. According to this system the stations 


1) See e.g.: P. Tarnt, Traité de Géodésie, Fase. I, p. 218, formule (86), in which 
for the computation of 6 we have introduced the double value of Bouguer’s formula. 
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are considered to be projected to sea-level along the normals to the 
ellipsoid. 

In this paper the writer should want to propose a modification of this 
system in the sense of projecting the stations to the geoid along the real 
verticals and to consider the net thus obtained as the reference-net 
for the relative positions in the horizontal sense. For the mathematical 
computing of this net and for other problems this net is projected on 
the ellipsoid and the vertical distances N of the stations to their projections 
are determined if so desired. The purpose of this modification is to obtain 
a nearer approach to the physical reality in order to avoid some un- 
desirable consequences of the usual system. Three of them may be 
mentioned. 

In the first place the projection of the stations to sea-level along the 
normal to the ellipsoid makes these projections deviate from the pro- 
jections along the real vertical as given by gravity and the deviations 
which enter in the net-adjustment depend on the rather arbitrary choice 
of position and dimensions of the ellipsoid and also on the elevation 
which as independent coordinate ought not to enter in the positions 
in the horizontal plane. The deviations are not large but as they may 
come up to values of the order of 1 m they are not quite negligible; 
they are given by the product of the deflection of the vertical by the 
elevation. A change of position of the ellipsoid, usually given by a change 
of the deflections of the vertical in the central station of the net, gives 
a slight change to the projections of the stations dependent on the 
elevations and, therefore, to the net-adjustment. This does not seem 
satisfactory. By projecting our net-stations to the geoid along the real 
verticals, our net becomes independent of the chosen ellipsoid. 

In the second place the azimuths of the sides between the net-stations 
according to the usual system also depend on the choice of the ellipsoid 
and on the elevations of the stations and so they enter in the equations 
of Lapiace!). A change of the ellipsoid thus affects these equations 
likewise and introduces in them terms containing the elevations of the 
stations and the deflections of the vertical in the central station. These 
complications likewise disappear if we project the stations along the true 
vertical. 

In the third place the usual system only gives a geometrically true, 
or at least approximately true picture of the position in space of the 
stations on the Earth’s surface if on the normals to the ellipsoid we should 
add to the elevation the distance NV. It would, however, be wrong if we 
should consider the sum as the real elevation of the station as the usual 
system of projection on the ellipsoid seems to suggest; the elevation 
must be reckoned from the geoid. The elevation has the character of a 


1) This question is the main objection against my formula’s on the Laplace 
equation given by Baeschlin in the Bull. Géod. N.S. 24, 1952. It disappears by 
adopting the system here advocated of projecting along the true vertical. 
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potential and N is simply a vertical coordinate and so it is clear that 
it is not allowed to add them together; they have a different physical 
meaning. 

The reasons given may be sufficient for explaining why the writer 
proposes the new system. In this paper we shall further elaborate it 
and deal with the problems regarding the projection of the stations from 
the Earth’s surface to the geoid along the true vertical and with questions 
concerning the -projection from the geoid to the ellipsoid over the 
distance NV. 


§ 2. General considerations about the ellipsoid 


In the system here proposed, the ellipsoid only plays the part of a 
coordinate-surface on which the reference-net, situated on the geoid, 
is projected. The geoid itself is given by the distance N in each point 
to the ellipsoid. If the ellipsoid is a sufficiently good approximation to 
the geoid, WN is very likely less than 100 m and probably even less than 
50 m over the whole Earth’s surface. 

In these circumstances we can leave it undecided in which way we 
project the stations from the geoid unto the ellipsoid; we can do it by 
means of the normal to the geoid, the normal to the ellipsoid or by way 
of the curve everywhere tangent to the direction of gravity; the deviations 
between the projections thus obtained can hardly amount to more than 
one or two centimeters and so we can neglect them. 

Adopting our view-point of the ellipsoid being no more than a coordinate- 
system, the choice of the ellipsoid is more or less arbitrary; it has itself 
no physical meaning. The only condition it has to fulfill is its being a 
sufficiently good approximation to the geoid for the above suppositions 
about the maximum value of N to be true. It is likely that the inter- 
national ellipsoid with a = 1/297.00 and a = 6 378 388 m answers this 
requirement and so, provisionally at least, we could well keep it as our 
“Earth-ellipsoid’”’. We shall shortly discuss this matter here. 

As to the value of the flattening of 1/297.00 we can easily derive that 
a change to 1/297.1 would only bring about an increase of NV at the poles 
of 4.8 m and a decrease at the equator of 2.4 m. So even a change of 
ten times as much, i.e. to 1/296.0 or to 1/298.0, would hardly interfere 
with our condition. It is unlikely that the flattening best adapted to the 
shape of our geoid would amount to so much change. As it is well known 
we can derive the flattening with a good degree of accuracy from the 
phenomena of precession and nutation!). In this way we can deduce 
the mechanical ellipticity of the Earth, ie. H = (C — A)/C, in which C 
and A are the momentums of inertia round the rotation-axis, resp. round 


1) For a good summary of this question the writer may e.g. refer to the contribu- 
tion of Lambert about ‘Density, gravity, pressure and ellipticity in the Earth” 
to “Internal Constitution of the Earth” ed. by Gutenberg, 2nd Ed. Dover Publ. 1951. 
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an axis in the equator-plane, and from this value of H the ellipticity 
a can be derived. 

For this last deduction we have to assume a density distribution and 
a certain degree of fluidity of the Earth — making it yield under long 
continued stresses — but as to the first point, it turns out that widely 
different density suppositions give nearly the same value for the ellipticity. 
In Lambert’s paper mentioned above he states (p. 351): “The difference 
between the results for very different laws of density is rather smaller 
than the difference between various good determinations of H”’. In view 
of the presence of isostasy and of the Figure of the Earth being in good 
general agreement with an equilibrium figure, the assumption about 
fluidity seems reasonably well founded. The different results for 1/a 
derived in this way are 


EOL hUG EM, fc. ctw (v4.5 Tc tc, Ss 1927 296.96 
PPSRSer J ONGs es 4ese foe oss ct 1941 296.78 
epullard Bees yes. ie 15 Wes 1948 297.338 
GUC VS ete ween ol best ot els) cee: 1948 297.10 
Mesnivyaluie: 293. < Pee ee 297.04 


We see that the results are in good agreement with each other and with 
the flattening of the international ellipsoid. 

However, as Jeffreys has remarked, there is evidence of deviations 
from balance in the Earth and, although the writer does not share his 
disbelief in isostasy — the balance between continental and oceanic 
parts of the crust is e.g. an overwhelmingly strong argument in favour 
of it — he agrees that wide-spread fields of anomalies are present showing 
that equilibrium is not entirely realized in the Earth. This may, therefore, 
cause slight deviations from the above conclusions concerning the 
flattening. It is difficult to make an estimate about their amount; they 
are probably small. 

It is, therefore, important that the mean of the results for the flattening 
derived from gravity is giving us nearly the same value. We have the 
following figures +) 


TABLE of 1/a determined from gravity 


DGWIe TCL 2 ste ee eee 1917 297.4 
[SGEtOtlite a, eos he es 1916 297.4 
TLGUMET be a Glo iGliin oes ess 1915 296.7 
EReigkcavien at eacd. as ayes carts be 1924 297.4 
PL GISI ATION eke 1g) ao, oaterse a Es he 1928 297.0 
Relic Ail Oth mete sia ao esa hg oe oe 1938 298.2 
NSISHIIOTIMEE STs. uglsh Wades our isos 1945 297.8 
IMietmr valucee: fo 4 6 0 « eos « 8% 297.4 


1) Taken from: HeIiskKANEN, On the World Geodetic System, Publ. Inst. 0, 
Geod. a. Photogrammetry, Ohio State Univ. No. 1, p. 8. 
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We may conclude that at this moment the flattening of the international 
ellipsoid seems a near enough approximation for this ellipsoid to serve 
as a satisfactory coordinate-surface for the geoid. 

As to the linear dimensions of our international ellisoid we are less 
sure. The following table gives the results for the equator-radius a obtained 
from arc measurings as listed by Heiskanen on page 8 of his above- 
mentioned paper 4). The table gives likewise the values derived from these 
observations for the flattening. We have added a last column for the 
values of a following from these results in case we fix the flattening 
beforehand at 1/297.00 and keep the volume the same 


a 1/a a(1/a=297.0) 
Clarkemys) i 1866 6 378 206 295.0 6 378 158 
Clarkeeaeee ie) 1880 6 378 249 293.5 6 378 165 
Jexorns(okoyabe 5 4 4 6 1888 6 378 444 298.6 6.378 482 
ISI ATOMS. 6 6 5 << 1906 6 378 283 297.8 6 378 302 
Helmert.... . 1907 6 378 200 298.3 6 378 231 
lalenmaiosl, 5 6 4 o 1910 6 378 388 297.0 6 378 388 
Heiskanen. .. . 1926 6 378 397 (297.0) 6 378 397 
Krassowski ... 1938 6 378 245 298.3 5 378 276 
WEMHREVE 5 5 6 6 6 1948 6 378 099 297.1 6 378 101 
Ledersteger .. . 1951 6 378 315 (297.0) 6 378 315 


s 


It is hardly doubtful that the last column does not accurately give 
the values of a which would have resulted if, in computing the arc- 
measurements, a value of a of 1/297.0 had beforehand been introduced 
but it will no doubt represent approximate values of a for this case. 
We see that the results are widely diverging and the values of a in the 
first column are no better in this regard. This is not surprising as the 
arc-measurements have been made on the geoid instead of on the ellipsoid 
and the deflections of the vertical have been neglected in the computations. 
Their effects must be considerable and the results for a must be affected 
in an irregular way. 

These effects must include the effect of the topography and the com- 
pensation and so for some of the deductions their effect has been discarded. 
This has not been done by all; the low value for a found e.g. by JEFFREYS 
in 1948?) has been derived from the free-air anomalies and deflections 
and we can easily see that because of the arc-measurements having 
been made on the continents the result for a derived in this way must 
have come out too small. 


’ This, however, is clearly not the only cause of the discrepancies of 


1) After writing this paper the writer received an important publication on 
this matter (in french translation) giving valuable figures and view-points: A. A. 
Isorow, La détermination des dimensions de la Terre pour les travaux geodésiques 
en U.R.S.S., Sbornik, fase. 20 (1948) 


2) Haroup JEFFREYS, F.R.S., The Figure of the Earth and Moon, 3rd paper, 
M.N.R.A.S. Geophys. Suppl. 5, pp. 219-247 (1948). 
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the results for a; effects of other disturbing masses must also have played 
a part. It is curious that this state of affairs has been accepted by the 
geodesists without applying the indicated remedy. As it is well known 
it is possible by means of an equation derived from the Theorem of Stokes 
to derive the deflection of the vertical from the gravity anomalies and 
so we can transfer the arc-measurements from the geoid to the ellipsoid. 
It is true that this can not yet be done with great accuracy because 
gravity is not yet known over the whole Earth, but it is hardly doubtful 
that by this method the discrepancies can be much reduced *). Plans 
are made to apply this method in the ‘“Mapping and Research Laboratory”’ 
at COLUMBUS ?) and so we may hope that before long our knowledge of 
the linear dimensions of the Earth-ellipsoid of the same volume as the 
geoid will be improved. 

As long as this has not been done we have to accept the existing un- 
certainty on this matter; the indications of the table given above are 
that the value of a of the international ellipsoid is probably somewhat 
too high. If we continue to use JN in the sense it has in Stokes’s Theorem 
which implies that its mean value over the Earth is zero, we shall have 
to subtract a constant 4, representing the correction to be applied to 
a — probably negative — and defined by its being minus the mean value 
over the Earth of the distance between the geoid and the ellipsoid. If we 
indicate the volume of the geoid by V we can of course also give A, by 


f Pee : 
(2a) V = 5X 55, X 2 (2 + A,) 
which can likewise be written 

3 
(2b) A, = 0.6210482 /V — 6378 388 m. 


1) See: F. A. Ventne Mernesz, The Gravity Program of the Mapping and Charting 
Research Laboratory at Columbus and related problems, Publications of the Inst. 
of Geod. Photogrammetry and Cartography, Ohio State University. 

2) In Isorow’s study mentioned above this method has already been applied 
on a large scale for great parts of the U.R.S.S.; the results give a = 6378303 + 63 m, 
1/a = 298.8 + 1.5. The meaning of other figures found by combining them with 
isostatically reduced values elsewhere seems uncertain. 


(to be continued) 
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PHYSICAL GEODESY. II 
BY 


F. A. VENING MEINESZ 


(Communicated at the meeting of December 20, 1952) 


§ 3. Projection of the sea-level net from the geoid to the ellipsoid 


For this projection it is important that probably the distance from 
the geoid to the ellipsoid seldom attains 50 m and that the slope of one 
surface with regard to the other, being equal to the deflection of the 
vertical, only rarely exceeds 1’. As a consequence of the last point we may 
neglect the change of all elements of length as far as they are brought 
about by slope; these changes are practically not exceeding a part of 
1 : 20.000.000. A change of an element of length / is, therefore, given by 


(3a) fips poles 
and this correction has, therefore, to be applied to the length of the 
different base-lines. For long distances LZ we have 


(Nm—A a) 
2 L 


(3b) AL=-— 
in which N,, represents the mean value of N over the distance L. 

If A, is not too large the correction is small; for V,,— A, = 50 m 
we get AL = — L/127.000 and so for large values of N it is not quite 
negligible. If the net is not too unfavourably situated with regard to 
the available gravity on Earth and if in the neighbourhood the anomaly- 
field is dense enough, we should be able to derive N with sufficient accuracy 
for our purpose by means of Stokes’s Theorem. Provisionally we shall 
have to leave out A, as long as no satisfactory value has been determined. 

A further correction of the length of sides projected on the ellipsoid 
might be needed if the direction of the projection would deviate from 
that which is desired but if the distance is not exceeding 50 m the 
deviation between the projection along the verticals to the geoid and the 
ellipsoid would for a deflection between these two of 1’ only amount to 
1.5 cm. For sides longer than 15 km this would mean a correction of 
less than one in a million, which usually is negligible. 

The change of the angles and azimuths brought about by the projection 
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from geoid to ellipsoid is negligible. If in each point we project along a 
line bisecting the angle between the normals to the geoid and the ellipsoid 
in that station, i.e. bisecting the deflection of the vertical there, it is 
easy to see that the angles and azimuths remain even rigorously the 
same. If we project along the real vertical, i.e. the normal to the geoid, 
the deformation is given by the linear changes a and b in the directions 
of the principal axis of deformation — in the sense as is usual in the 
science of Cartography in which for our case a = 1 and b = sec 0 = 
= 1+ 36°, 6 being the deflection of the vertical and the 6 axis coinciding 
with the direction of 0. It follows that the maximum change in azimuth 
of a direction is given by 36° and that it occurs for directions enclosing 
angles of 45° with the direction of the deflection of the vertical. 

If we project along the direction of the normal to the ellipsoid, we 
get a similar result. As in this case a = 1 and b = cos§ = 1 — 36? the change 
of azimuth has the same size as in the previous case but opposite sign. 
Here again the maximum value amounts to }6?. For 0 = I’ this maximum 
is 0”.004 and so we see that it is practically always negligible. We thus 
come to the same conclusion for the angles and the azimuths as we had 
already reached for the lengths of sides, i.e. that we need not accurately 
define the way of projection from geoid to ellipsoid if only we do not 
go far outside the limits given by the normals on both surfaces. The 
best way is to choose the bisector of the angles between these normals 
as it transfers the angles and azimuths from geoid to ellipsoid without 
any deformation. 

Once the net is projected on the ellipsoid we shall usually want to sub- 
stitute the azimuth af, of the geodesic from our station to a second 
one to the azimuth a, of the plane through the normal in our station 
and through the second station. As it is well known this implies a correction 


of 


ae 
(4) O12 — A = 15 Fe 


e” cos? y, sin 2a45 

in which s is the distance of the stations 1 and 2 and RF the Earth’s 
radius. This correction is a small quantity. For a value of s of 60 km, 
its maximum amounts to 0”.01 and so in most cases we shall be able 
to neglect it. But even in case we should not wish to do so, we may be 
certain that if we change our ellipsoid in dimensions or in position, the 
above correction will practically be the same for the new ellipsoid as 
for the old one. 

As we have seen above that the azimuth-correction involved in the 
projection of the net from geoid to ellipsoid is practically always negligible 
and as we suppose our net on the geoid to be independent of the chosen 
ellipsoid, we may conclude that the net can be transferred from this ellipsoid 
to another one by simple projection without a change of the azimuth’s 
of the geodesics connecting the stations. So the geodesics on the new 
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ellipsoid coincide practically with the projections of the geodesics of the 
first ellipsoid. 

This conclusion will certainly not be true for geodesics over large 
distances, for which moreover formula (4) is no longer right. In this 
case the geodesic on one of the ellipsoids will deviate from the projection 
of the geodesic of the other between corresponding points and they will 
both differ from the projection of the geodesic of the geoid. We shall 
not enter in these problems. 

It is clear that in transferring the geodetic net by projection from one 
ellipsoid to another the direction of the normal to the ellipsoid in each 
station will change and so the deflections of the vertical will change too. 
The formula’s for these changes have been derived by the writer in two 
papers in the Bulletin Géodésique N.S. 151) for both cases, a change 
of position of the ellipsoid and a change of its dimensions. 

Our supposition that the net on the geoid is independent of the chosen 
ellipsoid is founded on the proposed system of projecting the net-stations 
to sea-level along the real vertical; for the usual method of doing this 
along the normal to the ellipsoid it would obviously not be true. For the 
proposed system it is hardly necessary to prove its being warranted; 
in the next § we shall find it confirmed by the formula’s derived for our 
way of projection. 

As, however, the adjustment of the net on the geoid cannot be done 
without first projecting it to the ellipsoid, we may ask whether this 
adjustment is still independent of the choice of the ellipsoid. In most 
cases this seems to remain true. We have proved the angles and azimuth’s 
— and, therefore, likewise the azimuth-checks by means of the equation 
of Laplace — to be practically unaffected by the projection from the geoid 
to the ellipsoid. We have further mentioned the smallness of the correction 
to be applied to the lengths of the base-lines in connection with this 
projection — corrections which moreover have never yet been applied —. 
They depend on the distance N which, if possible to determine, will 
probably have to be found by means of the Theorem of Stokes and this 
can not take into account the small changes in N brought about by a 
shift of the ellipsoid. Only a rather large difference in flattening of the 
old and new ellipsoids, which will only rarely be the case, might perhaps 
give an appreciable difference of N and, therefore, a very slight change 
of the net-adjustment but it does not seem likely that this can ever become 
significant. So the net-adjustments on the old and the new ellipsoids 
are based on very nearly the same observational material and adjustment 


and the resulting net on the geoid must, therefore, be practically indepen- 
dent of the ellipsoid used. 


1 : : 
) F. A. Ventne Mertnesz, New Formula’s for systems of deflections of the 
Plumb-line and Laplace’s Theorem, 


-, Changes of Deflections of the Plumb-line brought about by a 
change of the reference-ellipsoid, 
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§ 4. Projection of the stations to the geoid; corrections to be applied to 
directions in the horizontal plane 


According to our system a side from a station at an elevation of h, 
to one at an elevation of h, is projected to sea-level, i.e. to the geoid, 
along the true vertical. For this true vertical we may substitute the 
direction of the plumb-line in the station itself; the deviation of this 
line from the curved true plumb-line over the whole height between 
station and geoid may be neglected. 

The projection thus defined involves the need of a small correction 
in connection with the deviation between the verticals in the two stations. 
This correction is, therefore, independent of the choice of the ellipsoid. 
It is brought about by the fact that the plane through the true vertical 
in station 1 in which the telescope of our theodolite moves, does not 
contain the true vertical in station 2. As a result of that, the direction 
to the projection of station 2 on the geoid differs from that to the station 
itself which is measured and the corresponding correction Aa, is obviously 
given by 


h 
(5a) Ady, == Cie 


s 
in which s is the length of the side and ¢,, the projection of the angle 
between the verticals in stations 1 and 2 on a plane through the vertical 
in station 1 and at right angles to the direction to station 2. 
In case Bergstrand’s method of measuring the lengths of the sides were 
introduced in Geodesy we should likewise have to apply a correction. 
It is given by 


in which ’e,, represents the projection of the angle between the verticals 
in stations 1 and 2 on the plane through the vertical in station 1 and 
through station 2. This correction has to be added to the correction of 
the length s involved in projecting the two stations on the geoid by lines 
both parallel to the true vertical of station 1. This second correction 
is given by 


(5b‘) As’ =[— 2sin? 38 + 3 (1—n?) e4.] 5 


in which f is the angle of elevation of station 2 as observed from station 1 
and corrected for refraction; » is the coefficient of refraction. We shall 
not further analyse the corrections (5b) and (5b’) here. 

Returning to formula (5a) we shall separate ¢ in two parts, the 
difference of the projections in the sense mentioned for ¢, of the 
deflections of the vertical in both stations and the part of &, which would 
be present if these deflections would be zero or, in other words, if the 
verticals in both stations would coincide with the normals to the ellipsoid 
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of reference. The correction Aaj, then also consists of two parts correspond- 
ing to the parts of Gp». The second part has already been derived by 
HeLMERT and may be found in his ““Theorien der Hoheren Geodasie”, 
I, p. 190, formula 6. For the first part we shall denote the azimuth of 
our side by a. and the north and east components of the deflections of 
the vertical in the stations 1 and 2 by &, & and 7, 72 expressed in seconds 
of arc. Together we obtain 


hy . ‘ t h 2 = 
(6) day,== [(€.— &1) sin ay— (772 — 71) COS 442] — 9” IR e” cos® py SiN 2ayp 


In the second term only the main term of Helmert’s formula is given; 
the second term is negligible for sides of triangulation-nets for which s 
is usually less than 100 km. It is interesting to see that this main term 
is independent of s. 

Because of our system of projecting along the true vertical instead 
of along the normal to the ellipsoid, our first term differs from the usual 
one which is given by 


(hg —h, 


(6a) [&, SIN ayy — 71 COS Gyo | 


s 

As far as the writer knows this correction has never yet been applied 
because the deflections of the vertical were not known at the time the 
geodetic net was computed. In that case, however, this correction should 
neither be applied to the astronomically determined Laplace azimuths. 

Formula (6) shows again that in the system here advocated the correction 
is independent of the ellipsoid while this is not the case for the formula 
(6a) of the usual method. A further advantage of formula (6) is that 
usually the differences & — &,, and 7, — 7, are so small that the neglecting 
of this correction is not serious. It is probable, moreover, that the main 
part of possible local differences of € and 7 is caused by topographic 
masses and this part can be computed if the topography is known. So, 
even if no astronomical observations have been made for determining 
the deflections of the vertical, this correction can already be approximately 
derived by means of the tables of Dartrne !). 

Another way of getting a value for this correction could be obtained 
by means of observations with a torsion balance at regular intervals in 
each side. If we take the X axis in the sense of the side, the differences 
at both ends of the components of the deflections of the vertical at right 
angles to this side could be found by integrating the observed values of 
YW /oxdy over the side and dividing this result by the gravity g. For 
each side a small number of observations, possibly only one in the middle 
of the side, would probably be sufficient for the required accuracy. 

It is clear that, if a sufficient gravity field is present, we can derive 


1) Frev. W. Daruine, Fundamental Tables for the Deflection of the Vertical, 
Spec. Publ. No. 243, C. a. Geod. Surv. (1949) 
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the required difference too by means of the equation, deduced by 
differentiation from Stokes’s Theorem, which expresses the deflection 
of the vertical in the gravity anomalies. It is likewise clear that, because 
we require differences of deflections at moderate distances from each 
other, we do not need the knowledge of gravity up to very large distances 
from our triangulation-side. 


§ 5. The determination of the position of the geodetic nets with regard to 
the ellipsoid ; unification of nets; determination with regard to the 
earth-ellipsoid 

The usual way of determining the position of a geodetic net with regard 
to the ellipsoid is to make astronomic observations in one of the stations, 
usually in the so-called ‘‘central station’’, for determining its latitude 
and longitude and the azimuth of a side. These quantities are usually 
assumed to be also valid for the net on the ellipsoid or, in other words, 
the ellipsoid is assumed to be tangent to the geoid in that station. This 
fixes the position of the net on the ellipsoid. 

In some cases astronomic observations in more than one station have 
been used for this purpose. Starting the computations in the way here 
described we find deflections of the vertical for the other astronomic 
stations. By introducing an unknown deflection in the central point, 
we can express the changes of the deflections in the other stations in that 
assumed deflection and determine a value of it that makes the sum of 
the squares of the deflections in all the astronomic stations a minimum. 
These values are adopted and this again fixes the net with regard to the 
ellipsoid ; geoid and ellipsoid are again supposed both to contain the central 
point. 

In both cases we adopt ellipsoids of which the center does not in general 
coincide with the center of gravity of the Earth although in the second 
case we may expect them to be nearer each other. The center of the ellip- 
soid will neither coincide with the center of the ellipsoid used for a neigh- 
bouring net. A unification of neighbouring nets, therefore, does not only 
imply a readjustment of the nets in order to bring the common stations 
in the boundary zone to coincidence — we shall not deal here with these 
or other net-readjustment problems — but it also involves the bringing 
to coincidence of the two ellipsoids of reference. If they have different 
dimensions we shall have to transfer one of the nets to an ellipsoid of 
the same dimensions as the other but, besides, we shall also have to bring 
the centers of the two ellipsoids to coincidence. This makes it not only 
necessary to introduce in the central stations deflections of the vertical 
in such a way that the latitudes and longitudes on the ellipsoids of common 
stations in the boundary zone of the two nets coincide as well as possible 
but also to bring the values of N in these stations to coincidence '). If 


1) For adequate tables for these reductions and for those mentioned above we 
we may refer to: F. A. Ventne Metnesz, New formulas for Systems of Deflections 
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we have derived them in each net by means of the astronomic-geodetic 
method and by starting from a value of N = 0 in the central station, 
we shall usually have to introduce another value of V in one of these 
central stations in order to obtain the required coincidence in the boundary 
stations of the nets. 

We thus can join nets and unify them in a consistent whole with a 
well-defined position with regard to one reference-ellipsoid. It is not, 
however, sure that thus the center of the ellipsoid will coincide with the 
center of gravity of the Earth. It is neither possible thus to bring nets 
to unification which are separated by occeans. 

Until a short time ago the unification-problem has not too much 
disturbed the geodesists though in a commission of the Int. Association 
of Geodesy, in the Baltic Geodetic Commission and elsewhere important 
studies on this subject have been made, especially with regard to Europe. 
But the war suddenly rendered this problem of paramount practical 
importance and the initiative of the U.S. Army Map Survey brought 
about the well know unification of the European nets which is still 
continuing. The question, however, of the coincidence of the ellipsoid- 
center with the gravity center of the Earth has not been taken up. The 
problem of the unification of nets on both sides of oceans has neither 
been attacked but here also the question has rather suddenly come into 
the foreground. In an important study Mr. Verstelle, geodesist of the 
Hydrographic Office of the Netherlands Navy, has drawn attention to 
the fact that the modern methods of position-finding at sea have such 
accuracy that it becomes necessary to unify and adjust the charts of 
different hydrographic surveys which are often based on triangulations 
not mutually connected. They must be fitted together with an accuracy of 
at least 30 meters}. 

These two problems, that of the coincidence of ellipsoid-center with 
gravity center of the Earth and, secondly, that of determining the relative 
position of nets on both sides of oceans and thus joining all nets on 
Earth into one consistent system, can only be solved by means of Physical 
Geodesy, i.e. by means of the Theorem of Stokes and the equation derived 
from it expressing the deflections of the vertical in the gravity anomalies. 
It is, in fact, only in this way possible to keep to the system here advocated 
of fixing the position of the geoid with regard to the Karth-ellipsoid 
by which term we indicate the ellipsoid of which the center coincides 
with the Earth’s gravity center. It is likewise only in this way possible 
to derive the absolute deflections of the vertical and thus to reduce our 


of the Plumb-line and Laplace’s Theorem; Changes of Deflections of the Plumb- 
line brought about by a change of the reference-ellipsoid, Bulletin Géodésique, 
N.S. 15, 33-51 (Mars 1950) 

1) J. TH. Verstettz, The need for coordination of Goographical Grids of the 


World, in relation to position-finding by radionavigational systems, Int. Hydro- 
graphic Review, (May 1952) 
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astronomic data to this Earth-ellipsoid. We shall have to do this for the 
central stations of all the geodetic nets and in as many more astronomic 
stations as we should wish for getting a good check, and thus to reduce 
the latitudes and longitudes of the stations to their values on the Earth- 
ellipsoid and to do the same for the azimuths there. These operations 
thus fix all the geodetic nets on this ellipsoid and also provide us with 
the distances between the geoid and the ellipsoid in all points where 
we should wish to know them. 

It is clear, however, that we yet are far from the possibility to follow 
this program in an ideal way; gravity is yet unknown or insufficiently 
known over large parts of the Earth’s surface. It is important, however, 
that this program has now been taken up in the geodetic center in the 
University of Columbus (Ohio) founded by Prof. Harprye and 
directed by him and Prof. Hetskanen. For a further elaboration of this 
program we may refer to a number of important papers by Hi&ISKANEN 
a.o. among which I may especially mention Heiskanen’s ‘““On the World’s 
Geodetic System !).” 

Two of the problems to be taken up there are: 

1. The determining of the scale-value of the Earth, i.e. of Aa or, 
in other words, of the value of a which combined with a = 1/297.00 
makes the volume of the Earth-ellipsoid equal to that of the geoid, 

2. A research on the accuracy obtainable for our program in different 
areas of the Earth’s surface in connection with the actually available 
gravity field. 

It will, however, always be recommendable to join as many nets as 
possible in the direct way as mentioned before by bringing boundary 
stations to coincidence. The whole combination of nets thus obtained 
can then be fixed on the Earth-ellipsoid by means of Stokes’s Theorem 
in the way mentioned, using for this purpose a sufficiently large number 
of astronomic stations for getting a statisfactory check, also in connection 
with the above mentioned point no.2. 


According to the geodetic system here advocated a complete geodetic 
survey of an area ought to comprise the determining of the positions 
of all the net-stations on the Earth-ellipsoid with the indication of the 
elevation of each point above sea-level — if possible in the orthometric 
as well as in the dynamic system — and with the value of the height N 
of the geoid above the ellipsoid in that point. 


1) Publ. o. the Instit. 0. Geodesy, Photogrammetry and Cartography, No. 1 
(Columbus, 1951). 
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GEOLOGY 


THE STRATIGRAPHY OF THE PLEISTOCENE OF THE 
NETHERLANDS 


BY 


I. M. VAN DER VLERK 


(Communicated at the meeting of January 24, 1953) 


In a book written some years ago by the present author in collaboration 
with Pu. H. Kurenen !) a new classification of the Pleistocene of the 
Netherlands was introduced. Two years later the same subject was more 
extensively dealt with in a book which I wrote with F. FLorscut rz ”). 
As both works are written in the Dutch language, appreciation of the 
arguments for this new classification is not easy for foreign workers. By 
writing this article I hope not only to bring our point of view to a wider 
circle of geologists but at the same time to remove some of the objections 
raised by Dutch investigators. I shall try to show how the gradual 
increase in our knowledge of the Dutch Pleistocene has led naturally to 
the setting up of the local subdivisions which we advocate. 

Twenty years ago, the late Professor L. M. R. Rurren delivered to 
certain societies of Geology and Mining students a lecture with the title 
of “On Fashion, Inertia and Authority in Geology’ *). In an engaging 
manner, RuTTEN urged his young hearers to cultivate sufficient common 
sense to resist, if necessary, the dogma of any lecturer, however celebrated, 
or of any book, however famous. No student of Pleistocene Geology, when 
reading RutTrTEn’s lecture, will fail to think of Penck and BritcKNER’s 
“Die Alpen im KHiszeitalter’. The great influence of this work upon 
geological thought cannot be denied and few subsequent workers on the 
Pleistocene have not tried to fit their observations into Prenck and 
BrUcKNER’s Giinz-Mindel-Riss-Wiirm-plan. It is not very surprising, 
therefore, that the officers of the Geological Survey of Holland also used 
this scheme when they published their first 1: 50.000 maps nearly thirty 
years ago. The former director of the Survey, P. Trscu, repeatedly 
advocated a stratigraphy of the Dutch Pleistocene with the alpine sub- 
divisions as the starting-point 4). He believed that the fluctuations of 


*) I. M. van DER VLERK en Pu. H. Kurenen, Geheimschrift der Aarde (5th 
edition, 1948 (6th edition, 1951), W. de Haan, Utrecht.) 


2) I. M. van DER VLERK en F. Frorscuiirz, Nederland in het IJstijdvak, 
(W. de Haan, Utrecht, 1950.) 

3) L. M. R. Rurren, Over Mode, Traagheid en 
Jaarboek Mijnbouwk. Vereeniging (Delft, 1929-31.) 

i) e.g. P. Tesco, De opeenvolging van de Oud-Plistoceene lagen in Nederland, 
Tijdschr. Kon. Ned. Aardr. Genootsch. (September, 1934.) 
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Fig 1 Section across the valley of the Eem 
( Reproduced from FJ Faber ) 


climate, deduced from observations in the alpine mountains, would be 
reflected in the sedimentation of Holland. It needs only a glance at the 
sections of figure 1 and 2 to be satisfied that TEscu’s line of thought is a 
logical one. The boulder clay, which covers the Northeastern part of 
Holland, is unquestionably a deposit formed during a stage of glaciation. 
To the East the Dutch boulder clay passes into one of the German boulder 
clays viz. the middle of the three which were present in the wellknown 
boring of Rudersdorf, near Berlin. It is the boulderclay of the Saale 
glaciation, which is usually equated with the Riss glacial stage. 

At various places in Holland the boulder clay is covered by sands and 
gravels, the outwash deposit of the melt water of the ice-cap. It is under- 
standable that these too were placed in the Riss glacial stage, as were 
the coarse sands and gravels which in places underlie the boulder clay. 
These lower gravels, deposited by rivers coming from the South, are often 
ice-pushed. 

In the “Geldersche vallei”’ (fig. 1) the outwash gravels of the melt 
water are overlain by marine sediments, the Hem beds. The fact that we 
have here a transgression of the sea implies an increase of temperature 
and accordingly, Tescu placed these beds in the Riss-Wiirm interglacial stage. 

The fine sands which complete the filling of the valley could be regarded 
as deposited under periglacial conditions. From Trscn’s point of view it 
was natural to consider them as formed during the Wiirm glacial stage. 

Figure 2 gives a section through the non-glaciated part of Holland. 
From an inspection of this section it is clear that in the valley of the 
Meuse three terraces—an upper, a middle and a lower—can be distinguished. 
Coarse sand and gravel underlie the upper terrace, beneath the middle 
feature occur gravel, sand and clay, whilst the lowest terrace is mainly 
underlain by fine sand. 


Meuse 


Holocene deposits 
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Middle Terrace 


Section across the valley of the Meuse, near Venlo 


Fig 2 


(reproduced from J.J Pannekoek van Rheden, map Geol. Survey ) 
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It can be argued that the coarse 
sands and gravels were deposited 
during phases of cold climate, 
when weathering by frost action 
contributed large quantities of 
coarse rock waste to the valley 
of the Meuse in Limbourg. The 
aggradation of the upper terrace 
is therefore ascribed to the first 
stadium of the Riss glaciation. 
The downcutting which isolated 
these upper gravels as a terrace 
feature is then placed in the warm 
Riss interstadium, to be followed 
by the aggradation of the middle 
terrace in the second Riss stadium. 
During this period, the northern 
part of Holland was covered by 
ice but at the same time gravel, 
sand and clay, at least partly 
formed in temporary lakes, were 
deposited in the southern part 
of the country. The period of 
erosion which intervenes between 
the middle and lower terraces 
must then be equated with the 
Riss-Wiirm interglacial. Finally 
the Wiirm glacial period is left 
for the filling of the Pleistocene 
valleys with fine sand which was 
subsequently entrenched by fur- 
ther downcutting at the beginning 
of the Holocene, with the pro- 
duction of the lower terrace as 
a physiographical feature. The 
terrace deposits of the Meuse (fig. 2) 
can be followed to the west where 
the nomenclature of upper, middle 
and lower terraces is maintained, 
thus using geomorphological terms 
as stratigraphical names. 

It is evident also that Tescu 
tried to divide formations older 
than his ‘“‘Upper Terrace’’ on the 
basis that they reflected an in- 


37 


crease or a decrease of the ice in the mountains. This meant that he 
had to look for two deposits of coarse material as representatives re- 
spectively of the Mindel and Giinz glacial stages and two deposits of fine 
material to represent the Mindel—Riss interglacial and Giinz—Mindel inter- 
glacial stages. It was not difficult to solve this problem. 

In a quarry near the village of Neede, in the north-eastern part of the 
province of Gelderland, the following section could be seen: 


3. ca 6 m of coarse sand and gravel with scattered erratics. 
2. ca 8 m of ice-pushed clay with Viviparus diluvianus (KUNTH). 
1. 8 m or more of coarse sand and gravel. 


In several quarries near the village of Tegelen, in the province of 
Limbourg, one can observe: 


3. 7-15 m of sand and gravel. 
2. 2-7 m of clay with Viviparus glacialis (Woop). 
1. ca 14 m of sand and gravel. 


How logical it seems that the sand and gravel of bed 3 in the Neede 
section should be the ““Upper Terrace”’ (Riss I), the clay with Viviparus 
diluvianus then becoming Mindel—Riss, with bed 1 corresponding to the 
Mindel glaciation. If, moreover, the upper sand and gravel of the Tegelen 
section is equated with bed 1 of the Neede section and the Mindel 
glacial stage, then the clay of Tegelen with Viviparus glacialis and the 
underlying sand and gravel would be deposited during the Giinz—Mindel 
interglacial and the Giinzglacial stages respectively. 

The following scheme summarizes Tesch’s point of view: 


Wiirm glacial stage. Aggradation of the sands of the Lower Terrace. 


6. Riss-Wiirm interglacial stage. Downcutting through the deposits of the 
Middle Terrace. 


‘ec. Younger cold stadium (Riss JI). In the south, aggra- 
dation of the Middle Terrace; in the north, deposition 
of boulder clay. 

5. Riss glacial stage.< b. Warm interstadium (Riss I—-II). Downcutting through 
the deposits of the Upper Terrace. 
a. Older cold stadium (Riss I). Aggradation of the Upper 
Terrace. 
4. Mindel-Riss interglacial stage. Deposition of fine-grained sediments (Neede 
clay). 
3. Mindel glacial stage. Deposition of coarse sediments (sands and gravels). 
2. Giinz-Mindel interglacial stage. Deposition of fine-grained sediments 
(Tegelen clay). 


1. Giinz glacial stage. Deposition of coarse sediments (sands and gravels). 
Trscu repeatedly warned that a classification based for the greater part 


on lithological characters had to be considered only as a working hypo- 
thesis, to be confirmed or otherwise by palaeontological data. He himself 


38 


started to work towards this objective by profound studies of the 
Quaternary molluscs. However, at the same time as the first geological 
map on the 1 : 50.000 scale was published, FriorscHt'tz began his 
palynological research on the Holocene and Pleistocene of the Netherlands. 
His activities accelerated and today it is difficult to find in the Netherlands 
a peat which has escaped the enquiring eye of this enthusiastic investigator 
or of one of his well-trained pupils. Some years later the State Museum of 
Geology and Mineralogy at Leiden, collaborating with several local 
museums, started a search for Pleistocene mammals. When in 1909 
Rurren wrote at the University of Utrecht his thesis on the Dutch 
Pleistocene mammals, he could mention 21 species. Nowadays we know 
67 species). It is small wonder that this violent increase of both 
palaeobotanical and palaeozoological data affected our views about the 
subdivision of the Dutch Pleistocene. But he who begins a project must 
continue it. Obviously it was impossible for the officers of the Geological 
Survey to change their principles half-way through the production of their 
geological maps. 

One of the first problems to arise concerns the stratigraphical position 
of the Tegelen clay. This is characterised by the presence amongst other 
things, of Desmana tegelensis ScHREUD., Mimomys pliocaenicus (Fors. M.), 
Trogontherium boisvilletti (LAuG.), Ursus etruscus CuviER, Eucladoceros 
tegulensis (DuBois), Sus strozzi (MEN.), Dicerorhinus etruscus (FALC.), 
Mammuthus (Archidiskodon) meridionalis (NESTI) (archaic type) and 
Macaca florentina (Coccut). It is a more primitive fauna than that of the 
Cromer Forest Beds and since for the latter a Giinz-Mindel age had been 
claimed, the Tegelen fauna must be earlier. The presence of a monkey 
as well as the results of palaeobotanical research, point to a warm period, 
the only vacant place for which is the Giinz-interstadium. This implies 
that the so-called “black bones” fauna ought to be placed in the first 
stadium of the Giinz. The dark colour of these bones has been proved by 
X-ray analysis to be due to the presence of a large quantity of melnikowite. 
Chemical analyses show a fluorine percentage of 1.7 (cf. 0.4 for bones 
from the Tubantian) and an ash-percentage of 81—87 (ef. 65-68.25 for bones 
from the Tubantian). The characteristic mammals of this fauna are: 
Anancus arvernensis (Nust1), Mammuthus (Archidiskodon) planifrons 
(Fauc. et CauTLEy), Cervus falconeri Dawx., and Odobaenus huxleyi 
(LANK.). 


There are sound arguments *) for considering the black bones fauna as 


1) Besides the 64 species mentioned in VAN DER VLERK and Frorscxiitz (1950), 
table of fig. 49, the following species have to be added: Asinus hemionus fossilis 
OWEN and Crocuta crocuta spelaea (Goxip.) from the Tubantian: RAVEN, Proc. Kon. 
Ak. v. Wet. 38 (1935) and Hooysr, Geol. en Mijnbouw (Nov. 1952) and Mustela 
erminea LINN. from the Praetiglian: Hooymr, in SCHREUDER, Bijdr. t. d. Dierk., 
afl. 28, (1949). 

®) I. M. van per VuERK, Zeeland in het IJstijdvak, Voordracht Kon. Ned. 
Akademie v. Wetensch., Akademiedagen TV (1951) 


. 
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of Pleistocene and not of Pliocene age. Therefore the question arises 
whether it is possible that both this fauna and the Tegelen fauna lived 
during only a part of the Giinz glacial stage. It is quite unlikely! The 
first warm fauna following the Tegelen one is that of Neede, characterised 
by the presence of Loxodonta (Hesperoloxodon) antiqua (FALC.), Dicerorhinus 
merckit (JAG.) and by the first appearance of Cervus elaphus Linn. Usually 
this fauna is placed in the Mindel-Riss interglacial stage. By placing the 
Tegelen fauna in Giz I-II the conclusion would follow that the two 
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Fig. 3. The subdivision of the official geological map is marked by hatching and dotting. 
The new proposed subdivision chiefly based on palaeontological data 
is indicated by names. 


faunas were separated by an important space of time, comprising the 
Giinz II-stadium, the Giinz-Mindel interglacial and the Mindel glaciation. 
Such a conclusion leads to another complication. In the scheme outlined 
earlier it was assumed that the coarse sands underlying the clay of Neede 
are of the same age as the coarse sands above the clay of Tegelen, and 
both were supposed to be formed during a time of strong mechanical 
erosion, i.e. a glacial stage. But if there is such a long space of time between 
the deposition of the clays of Tegelen and of Neede, it is hardly possible 
to regard the two above-mentioned sands as of the same age. The 
difficulty might be met by referring the sands above the Tegelen clay to 
a Giinz II age and the sands below the Neede clay to a Mindel age, but 
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this still leaves unexplained the fact that up to now not the least trace 
has been found of the fine sediments which should represent the inter- 
vening warm Giinz-Mindel interglacial. 

I think that the only possible approach to the solution of these problems 
is the cancellation of the alpine names and their replacement by local 
names (fig. 3-5). Thus the clay of Tegelen was formed during a period 
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which is named T'iglian (Tiglia is the latin name of Tegelen). In the same 
way the Needian is the time during which the clay of Neede was formed. 
It should be remarked however, that it is not the clay which characterises 
this time, but the flora and the fauna. Thus ZONNEVELD found a charac- 
teristic Tiglian fauna ') not only in a clay, but also in an underlying sand. 


1) J. I. S. Zonnevetp, Het Kwartair van het Peelgebied, thesis Univ 


ersity 
Leiden, p. 81 (1947). 
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For the stage during which the Pleistocene deposits older than the 
Tiglian were formed the name of Praetiglian is proposed. For the stage 
of those which are younger than Tiglian but older than Needian the name 
of Taxandrian is chosen. In the schedule of figure 5 the palaeontological 
characteristics of these stages are noted. It is very probable that the 
Praetiglian ought to be considered as a pre-Giinz time. The position of the 
Tiglan and of the Taxandrian with regard to the alpine subdivisions is, 
however, quite uncertain. 

The recently published dissertation of Gustar ARRHENIUS !) appears 
to give support to our suggestion of a considerable lapse of the Pleistocene 
time prior to the Giinz glacial stage. ARRHENIUS came to the conclusion 
that nearly a million years ago oscillations of the climates begun, which 
marked the beginning of the Pleistocene epoch. The Giinz glacial stage, 
however, characterised by a first more intensive oscillation, started only 
half a million years ago. 


Arvicola bactonensis Hinton Arvicola (recent type) 
Mimomys intermedius Newt Microtus sp sp 
Mimomys pliocaenicus FM Anancus arvernensis (Nesti) 
Viviparus diluvianus Kunth Mammuthus ( Archidiskodon) planifrons (Falc.et C.) 
Viviparus glacialis (Wood) Mammuthus (Archidiskodon) meridionalis (Nesti) 
Azolla filiculodes Lam Loxodonta ( Hesperoloxodon) antiqua (Falc) 
Azolla tegeliensis Florsch Mammuthus (Mammuthus) primigenius (Blum.) 


“Tubantien Tubantien 
Eemien Eemien 
Drenthien Drenthien 


Needien Needien 
Taxandrien : Taxandrien 


Tiglien Tiglien 


Preatiglien Preatiglien 


Fig.5. The stratigraphical distribution of the most important fossils 


Besides the terms mentioned above three further new names are 
introduced — Drenthian, Eemian and T'ubantian. The remark has often 
been made that these names are unnecessary, many investigators giving 
it as their opinion that these local names are synonymous respectively with 
the Riss glacial, the Riss-Wiirm interglacial, and the Wiirm glacial stages. 
I think, however, that this is still open to doubt. 

The boulder clay of the Netherlands gradually merges into the boulder 
clay of Northern Germany which was formed during the Saale glaciation. 
Customarily this is correlated with the Riss glaciation. It is a parallelisation 
based on a study by Sorrcet 2) of terraces in Thuringia. Too often one 


1) GustraF ARRHENIUS, Reports of the Swedish Deep-Sea Expedition, vol. V: 
sediment cores from the East Pacific, (Elander, Goteborg, 1952). 

2) W. Sorrcet, Die diluvialen Terrassen der Ilm und ihre Bedeutung fiir die 
Gliederung des Eiszeitalters (Gustav Fischer, Jena, 1924). 
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forgets that the interpretation of terraces is nearly always to a large 
extent arbitrary. But even supposing that the correlation is correct, a 
new question arises. Has the boulder clay of the Netherlands in that case 
to be placed in Riss I or in Riss II? The answer to this question depends 
on the position of the so-called Warthe stadium in Northern Germany. 
It is still doubtful whether this stadium ought to be placed in the Saale 
or in the Weichsel glaciation. Therefore it is quite uncertain whether the 
Dutch boulder clay should be placed in the earlier or the later part of the 
Saale glaciation, and even more uncertain, assuming it to be formed in 
Riss times, whether it belongs to Riss I or Riss II. 

Similarly, it is quite uncertain if all the sediments formed during the 
period we call Eemian, are of Riss-Wiirm age. Unquestionably it is 
possible to make a rough equation of the Eemian with the last interglacial 
period, but it is quite impossible to say that the time boundary between 
Drenthian and Eemian coincides with that between Riss and Riss-Wirm. 
Equally clearly, the boundary between Eemian and Tubantian is not 
necessarily the same as that between Riss-Wiirm and Wiirm. 

Finally the uncertainty of the position of the Warthe stadium makes it 
necessary to create the new name Tubantian for a period covering the 
deposition of sediments which are doubtless for the greater part of a 
Wiirmian age. 

With the subdivisions discussed above as a basis, the following geological 
history of the Dutch Pleistocene can be compiled: 


1. The Praetiglian. A temperate climate. The Western part of the 
country covered by the sea — at first, the Poederlian (= Waltonian) sea 
in the South and the Older Amstelian sea in the West, later the Younger 
Amstelian (Newbournian) sea in the Western and Southwestern part. 
As the south coast was situated in the province of Zealand, the bed of 
the Eastern Scheldt yields a mixture of remains of land and sea mammals. 
The most characteristic are: Cervus falconeri DawK., Anancus arvernensis 
(Nest1), Mammuthus (Archidiskodon) planifrons (Fauc. et CAUuTLEY), 
Odobaenus huxleyi (LANK.) and Choneziphius planirostris (CUV.). Probably 
a continental facies is represented by a clay near Belfeld (in the central 
part of Limbourg province) stratigraphically lying above the Younger 
Pliocene clay of Reuver and below the clay of Tegelen. 


2. The Tiglian. Climate for the greater part warm-temperate, but at 
the beginning and at the end, cool-temperate. The sea level oscillated. 
During the first cool-temperate seculum the Butleyan sea covered a great 
part of the Netherlands. During the warm-temperate episode, the 
Norwichian-sea covered the whole of the Netherlands with the exception 
of the eastern parts of the provinces of Groningen, Drenthe, Overijsel and 
Gelderland, the whole province of Limbourg and the southern part of 
the provinces of Northern-Brabant and Zealand. The last cool-temperate 
part of the Tiglian was marked by the regression of the Chillesford-sea. 
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It is quite possible that the Butleyan, Norwichian and Chillesfordian can 
be correlated with the older and middle part of the Icenian. The terrestrial 
deposits of the Tiglian are characterised by the remains of Hucladoceros 
tegulensis (DuBois), Trogontherium boisvilletti (Laua.), Mammuthus 
(Archidiskodon) meridionalis (Nest1), Mimomys pliocaenicus (Fors. M.), 
and Macaca florentina (Coccnt). 


3. The Taxandrian (from Taxandria, the latin name for the province 
of Northern Brabant). It was probably a rather cold time coinciding with 
a further regression of the sea. At the beginning of the period only a very 
small part of northwestern Holland was covered by the Weybournian sea, 
characterised by the first appearance of Macoma balthica (Linn.). Terrestrial 
deposits in the southwestern part of the country have been subjected to 
detailed petrological research !). Above the so-called “‘lower fine sediments” 
at the base, four zones have been differentiated, each with its own 
mineralogical characteristics. In ascending order they are: the zones of 
Sterksel (Rhine), of Budel (Meuse), of Woensel (Rhine) and of Weert 
(Rhine). Mimomys intermedius Newt. is considered as the most important 
index-fossil of the Taxandrian. 


4. The Needian. The temperate climate of Needian time can be to 
some extent deduced from a new transgression of the sea. In the terrestrial 
deposits, remains of Loxodonta (Hesperoloxodon) antiqua (Fauc.), Arvicola 
bactonensis Hint. and the first living Microtus are found. Molars of the 
first mentioned mammal also occur in the ice-pushed sands of southern 
derivation in the middle part of the Netherlands (fig. 3, section I). X-ray 
and chemical analyses of bones dredged from the bottom of the Scheldt 
make it probable, moreover, that Panthera spelaea (GOLDF.) and Hippo- 
potamus amphibius Linn. also lived during this time. 


5. The Drenthian. The name is derived from the province of Drenthe 
which shows a typical ground-moraine-landscape. The formation by the 
Rhine and Meuse of a great gravel fan, started during the Needian, 
continued into the Drenthian. Then followed a phase of temperate climate, 
after which the northeastern part of the Netherlands was covered by ice. 
A stillstand of this ice formed a frontal moraine a.o. in the southern part 
of the province of Drenthe”). Central Holland shows numerous ridges 
formed by the push of the ice. Palaeontologically, the deposits formed 
during the initial part of the Drenthian, are characterised by the first 
appearance of Mammuthus (Mammuthus) primigenius (BLUM). and of the 
modern species of Arvicola. It is also during the Drenthian that the 
“oldest”? and the ‘‘old”’ loess of Southern Limbourg were formed. 


6. The Eemian. This is again predominantly a stage of temperate 
climate and moreover, as during the Needian, a part of the Netherlands 


1) J. I. S. ZONNEVELD, loc. cit. 
2) A. Brouwer, Tijdschr. Kon. Ned. Aardr. Gen. (1950). 
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was covered by the sea. Very exact palynological research by FLORSCHUTz 
and his students has demonstrated a floral succession corresponding to the 
following sequence of climates: first arctic, first subarctic, first temperate, 
second subarctic, second temperate and third subarctic. The first temperate 
flora coincides with the transgression of the sea as, for example, in the 
valley of the river Eem, near Amersfoort. Bittiwm reticulatum (DA Costa) 
is the most common species in the marine fauna. 


7. The Tubantian. The name is taken from the district of Twenthe 
where Fitorscntitz and his students made their palaeobotanical investi- 
gations. They distinguished three stadia, respectively with an arctic, 
another arctic and an arctic-subarctic climate. They were separated by 
warmer interstadia, the first temperate-subarctic, the second subarctic. 
The close of the Tubantian (Late-Glacial) with its subarctic-arctic flora 
has two subarctic interludes, the Bolling phase and the Allerod phase. 

It is obvious that tjaele conditions existed in Holland through a large 
part of Tubantian time. The presence of a “‘younger”’ loess e.g. in the 
southern part of Gelderland province and of kryoturbate phenomena at 
various places confirm this supposition. 

Characteristic mammals of the Tubantian are: Mammuthus (Mammuthus) 
primigenius (BLUM), Coelodonta antiquitatis (BLUM), Cervus (Megaceros) 
_ giganteus Buum., Rangifer tarandus (LINN.), Alces alces (LINN.) and 
Cervus elaphus LINN. 


The introduction of new stratigraphical names is regarded by some 
workers as an often unnecessary complication. I hope I have shown that, 
for the Dutch Pleistocene, it is inevitable. The complication of more names 
is preferable to a false over-simplification. When it is said, as it often has 
been, that by using the Giinz-Mindel-Riss-Wiirm-subdivisions everyone 
is immediately orientated, it is forgotten that nearly everyone has his own 
interpretation of these names. 

Local stratigraphical terms are not introduced with the idea that they 
should necessarily be permanent, and the collaboration which now exists 
between English, Irish and Dutch investigators of the Pleistocene will 
undoubtedly lead to a reduction in their number. Congresses such as those 
of the “International Association on Quaternary Research” will be 
suitable occasions for cleansing the Augean stable. Possibly the climatic 
variations as deduced from the investigation of deep ocean cores can serve 
as a basis '). 


Finally I wish to express my sincere gratitude to Professor F. W. 
SHorron of Birmingham University, not only for his valuable criticisms 
but also for putting my English in a more readable form. 


Department of Geology 
_ University of Leiden (Holland) 


1) GusTAF ARRHENIUS, loc. cit., fig. 3.4.2., p. 199. 


ASTRONOMY 


ON THE COMPOSITION OF THE BODIES OF THE SOLAR SYSTEM 
BY 


H. P. BERLAGE 


(Communicated at the meeting of December 20, 1952) 


Abstract : An attempt is made to arrange current aspects of the internal 
constitution of the bodies of the solar sytsem into one coherent picture. 


Making prime reference to URrEy’s outstanding book: The Planets [1], 
the author wishes to develop in the following pages the image which 
modern analyses of the internal constitution of the bodies of the solar 
system evoke. A couple of independent lines of evidence now seem to 
converge rather sharply and to permit to give relevant theories a remark- 
ably concise form. 

Spectroscopists agree that the main chemical elements of the universe 
are those listed in Table | together with the logarithm of their abundance 
by numbers of atoms, relative to Si, in the solar atmosphere. These 
figures, determined from measurements made by MENzEL and others, 
were taken from KuIPER’s comprehensive Chapter XII in the revised 
edition of the Atmospheres of the Earth and Planets [2]. 


TABLE 1 
Log. abundance (Si = 1) 
Biament im solar atmosphere 
H 4.71 
He 3.88 
Ne : 
O 1.16 
N 1.10 
C 0.74 
A ? 
Mg 0.31 
Si 0.00 
Fe — 0.15 
8 — 0.35 


All other elements appear to be less abundant in solar matter and most 
probably are equally rare in planetary composition. 

We learn further that these main cosmic elements occur mostly 
combined in four groups of compounds of fundamentally different tectonic 
qualities. These groups and some of their representative compounds 
are given in Table 2. We simplify by disregarding the inert gas Argon. 
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TABLE 2 
LL 
leonidca “Weick Density im 
Group Compound Molecular Weight RE RTS potia phe 
i: Hy 2 
He 4 
Ne 20/22 
II CH, 16 0.42 
NH, 17 0.66 0.82 
H,O 18 1.00 0.92 
IIT SiO, 60 2.65 
MgO 40 3.22 
FeS 88 4.84 
IV Fe 56 7.23 7.86 


Group I is the group of the two lightest substances constituting nearly 
99 per cent by mass of all stellar matter, with which the inert gas Neon 
has been associated. These substances remain in the gaseous phase 
throughout the planetary system and seem to have contributed only in 
a very much reduced percentage to the building up of the bodies of the 
solar system other than the sun itself. Even the hydrogen-helium contents 
of Jupiter and Saturn, the giant planets who have the greatest capacity 
for retaining these extremely volatile materials, are almost certainly 
not greater than 87 and 69 per cent by mass respectively (BRowN [3], 
Ramsey [4], Mires and Ramsey [5]) as would be the case if the heavy 
elements were concentrated in the central cores whose existence is put 
beyond doubt by the relatively small moments of inertia of these planets 
(JEFFREYS [6]). 

The groups II, III and IV of the main compounds of elements express 
their physical character in a clear cut way in the mean densities of the 
minor solid bodies of the solar system, the smaller satellites of Saturn 
(0 ~ 1), the stony meteorites and probably also the bulk of asteroids 
(o ~ 3), and the iron meteroites (0 ~ 7). 

The diagram on page 47 represents the mean densities of all the bodies 
of the solar system of which this value is known with tolerable accuracy 
as a function of the logarithm of their masses in terrestrial units. It is 
similar to the diagram shown in a previous paper by the author [7], 
however, it has been revised, using more recent data compiled by Kurrer 
and Harris [8]. The revised diagram shows significant changes relative 
to the former one. For lack of better estimates the points in the diagram 
for Japetus and Hyperion have not been removed; the dubious points 
for Pluto and Triton could easily be brought into better succession with 
the other points and nevertheless remain within the existing margin of 
uncertainty about the masses and densities of these bodies. 

The graph suggests that the following features of the creation of the 
various bodies of the solar system are essential. 
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A small body which is solid may possess a density of the order 1, 
which means that it is mainly composed of the substances of group LE 
‘Sces” (WHIPPLE [9]). However, two conditions have to be fulfilled for 
a small body to obtain such a low density. Firstly the body must be 
generated in a situation where the substances of group II are super- 
saturated and will crystallize spontaneously to planetesimals (JEFFREYS 
[10], Parson [11], Ter Haar [12]). As a matter of fact all the bodies 
of low density so far known are satellites of the outer planets, whereas 
the asteroids revolving round the sun between Mars and Jupiter probably 
share both the different structural properties and the greater densities 
of the substances of group III. It would be difficult to explain otherwise 
the very irregular reflective power of these small planets. Secondly, the 
body itself should not have become too heavy, because the probability 
that constituents of planetesimals falling down on the body and con- 
stituents of the body’s crust volatilize at the impact increases with the 
mass of the body, up to masses which are still too small to bear significant 
atmospheres. 

This would, in the first place, explain the increase of the mean density 
from 0.6 for the smallest bodies to 1.2 for masses log m ~ — 3.7, an 
increase of density such as cannot be due to an increase of compression 
only. It has been argued that H,O with its relatively high boiling point 
is the almost unique constituent of Mimas and Enceladus. This, however, 
is improbable because even when on account of KuIpEerR’s diameter 
determinations [8] the albedo of these satellites (0.8) approaches the top 
value for newly fallen snow, their mean densities equal 0.5 and 0.7, while 
it is the natural law of a substance under pressure to assume the density 
of its densest phase, or in this case | or more. It is noted that the margin 
of uncertainty about the diameters of Mimas and Enceladus leaves open 
the possibility that the actual densities of these satellites are somewhat 
higher than those adopted here. However, no discrepancy remains, since 
temperature conditions at Saturn’s distance from the sun would permit 
a smali body to be composed mainly of liquid or solid methane and 
ammonia. Methane, the lighter of the two substances in the liquid or 
solid phase requires, it is true, a much higher gas pressure for its precipita- 
tion than ammonia (TER HAAR [12]), but there is no reason why pressures 
superior to this critical pressure should not have been reached in the 
course of the condensation of Saturn’s satellites. On the other hand, a 
body of log m ~ — 3.5 seems always to have lost most of its CH, and 
NH, and to be composed mainly of H,O and the appropriate amount 
of compounds of group IIT. This composition apparently leads to a mean 
density @ ~ 2 which occurs over a wide range of masses, namely between 
log m ~ — 3.4 and log m ~ — 1.8. 

When following the direction towards the bigger masses, the mass of 
the Jovian satellite Callisto (log m — 1.8, @ = 2.06) appears to be a critical 
one. From solid bodies heavier than Callisto the substances of group II 
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have evaporated away almost completely, or else these bodies never 
got hold of the lighter substances in any essential relative amounts. 
The mean densities of Triton (log m= — 1.6, @ = 2?), Ganymede (log 
m = —1.6, @ = 2.35) and Titan (log m = — 1.6, 0 = 2.42) are still relatively 
low compared with those of other bodies of about equal mass. They must, 
at any rate, still contain a large fraction of the substances of group IT, 
probably predominantly water, but also remnants of the more volatile 
compounds. As a matter of fact Titan bears an appreciable CH, atmosphere 
(KUIPER [13)]). 

The alinement in the graph of this group of low density satellites, our 
moon (log m= —1.9, 9 = 3.33), and the relatively dense Europa (log 
m= —2.1, @= 3.78) and Io (log m= —1.9, 0 = 4.03) is significant. 
These bodies possess all very nearly the same gravitational potential 
at their surfaces, or the same velocity of escape. This feature may well 
be interpreted as demonstrating that also water, the least volatile one 
of the substances of group II and therefore the last to remain an im- 
portant constituent of a celestial body, has boiled away from the body 
when its mass tended to exceed the present limit. 

Led by these considerations the author is inclined to doubt seriously 
Dione’s relatively high mean density and to assume that if the un- 
certainty about the diameter of this satellite has been removed, this 
density will prove to be not greater than 2, perhaps even less, provided 
Dione did not pass incidentally through exceptional conditions. As regards 
Hyperion the graph would suggest that it is an asteroid, captured in 
Saturn’s system. If so, all satellites would be arranged in the diagram 
along one and the same line, the lower branch of the dotted curve, 
representing the functional relation of mass and mean density of these 
bodies in a surprisingly rational way, and debouching into the main 
branch through asteroids and planets. 

Now, when following the trend of the mean density of the planets 
from its top value reached in the terrestrial planets toward the mean 
density of planets heavier than the Earth, we evidently very soon pass 
a second critical mass, the mass of a body intermediate between the 
Earth and Uranus, which is just able to accumulate substances of group II, 
because it is massive enough to hold a gaseous envelope consisting of 
these substances at the time in its history when it passed through its 
temperature maximum. Hence, a planet of this critical mass would be 
an unstable body. We will come back to this in a following paper having 
as its subject a calculation of the masses of the planets on the basis of 
the disc theory of the origin of the planetary system. This calculation 
proves that a planet of nearly the critical mass studied here should have 
developed between Mars and Jupiter. This result suggests that it was 
destroyed after its unification and produced asteroids and meteorites. 
Most investigators agree that the irregular shape of asteroids and meteorites 
and the internal structure of the latter hardly leave any other possibility 
for their origin. 

4 Series B 
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Brown and Parrerson [33] argued that the parent planet must have 
been similar to the earth in general physico-chemical characteristics. 
In particular an internal temperature of the order of 3000° C and an 
internal pressure of the order of 10° — 10° atmospheres was required to 
explain the composition of meteoric matter. Urey pointed out that 
meteorites were subjected to temperatures of this magnitude in a very 
turbulent medium. Just such conditions may well have been realized in 
the interior of an unstable planet of the dimensions indicated. 

We are induced to ask further, whether, while losing its atmosphere 
by evaporation, the planet may have crossed the critical configuration. 
leading to the transition of an unstable small core back to normal pressure 
conditions, the energy release producing its explosion (RAMSEY [14], 
LigHtHity [15]). In particular, the sharp partition of meteorites in stones 
and irons would seem to require the explosion of a relatively heavy 
planet in which core and crust were already distinctly separated. To 
fix the ideas, even Mars does not yet seem to have been subject to 
fractionation of its iron phase. 

If so, the other planets, especially the inner planets, were probably 
bombarded for some time by the products of this explosion, a circum- 
stance which would seem to be positively in favour of the meteoric origin 
of the lunar craters (CLYDE FISHER [16], BALDWIN [17], UREy). However, 
the former existence and total disappearance of a multitude of bodies 
of the asteroid size moving in highly eccentric orbits is difficult to accept 
JEFFREYS ([18]). Of course, the moon may have been subject to frequent 
bombardment bij minor satellites of the earth, especially in the course 
of the moon’s recession from its initial to its actual distance from the 
earth and we need not have recourse to other hypotheses in order to 
comply with the evidently well established meteoric origin of the maria 
and a certain type of lunar craters. On the other hand the hypothesis 
of the voleanic origin of other lunar formations should not be discarded 
too soon, particularly in the light of the indications, presented here, 
that sub-surface water which our moon may well have contained probably 
boiled away in its early history. 

Furthermore, it can never have made essential difference in the final 
dynamics whether the planet was destroyed by explosion or by a more 
gradual transformation, because the process of disruption was limited 
in any case by the restriction that the sum of potential and kinetic energy 
of the matter after its dispersal is not likely to have increased since it 
started to condense as an unstable planet. To be more specific, equi- 
partition of kinetic energy relative to the moving planet among the 
products of disintegration resulted in a few heavy bodies continuing to 
move approximately in the original orbit described by the planet. They 
may have become Ceres, Pallas, Juno and Vesta and further those parent 
asteroids which by subsequent collisions gave birth to the asteroid 
families traced by Hirayama [19] (BRouwER [20], Kurper [21]). A 
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great number of meteorites may have been launched in eccentric orbits 
whereas the smaller grains, dust and gases may have formed a rather 
extensive nebula. All these materials were strongly subject to the giant 
planets’ perturbations. 

We touch here the basis of Oorr’s first hypothesis concerning the 
origin of the cloud of comets surrounding the planetary system [22], 
developed on the basis of a theory due to van WorrkKom [23]. KurpEr [24] 
and Urey have raised the question how in this case the cores of the comets 
could have retained sufficient volatile substances of group II to produce 
the gaseous tails, which comets develop when approaching the sun. 
The author was always inclined [25] to favour the hypothesis, elaborated 
by Kurper [24] and recently also supported by Oorr [26], that the 
comets are recruted from the peripheral parts of the primeval solar 
nebula where they may have grown, as Pluto must have done, by the 
slow accretion of crystals from the precipitate of supersaturated gases. 
Deviated by planetary disturbances they may have also been dispersed 
from this position into the extensive cloud of comets, the structure of 
which was investigated by Oorr [22]. However, the author wants to 
give due credit to the assumption, recently stated by FrEsENKov [27], 
that those fragments of an unstable planet moving in the asteroid zone, 
which were propelled away in elongated orbits and consisted of grains 
and rapidly cooling gases, may well have aggregated again while travelling 
through interstellar space. There are at least no characteristics in OoRtT’s 
cloud of comets which would prohibit the recondensation of WHIPPLE’s 
“ices’’ on meteorites in a later stage. The wisest policy at present seems 
to be to discard neither of the two possible views as long as it is not 
certain whether we may not need both. 

The sublimation heats calculated by TER Haar [12] show that the 
zone where the asteroids circulate is a critical temperature zone (roughly 
200° K). In interplanetary space outside this belt the gases of group IT 
become supersaturated depending on solar distance and will then condense 
spontaneously and crystallize to dust; inside this belt it is too hot for 
the solidification of any of them with the exception of water. Similar 
conditions must have prevailed in secondary systems. We can imagine 
that already at Jupiter’s distance from the sun temperature conditions 
are not favourable for the composition of satellites of such low density 
as are found among Saturn’s satellites. However, among the Jovian 
satellites we observe a decrease of mean density from the centre to the 
periphery, in sharp contrast to what occurs in Saturn’s system. This 
fact, as was already pointed out by KurrEr [2], strongly suggests that 
the planet Jupiter itself at the time of condensation of its satellites was 
too hot to permit the condensation of the substances of group II in its 
immediate surroundings. The smaller Saturn on the other hand evidently 
has not impeded such condensation even on its nearest satellite, Mimas. 
With regard to the probable constitution of the particles of Saturn’s 
rings I also refer to Kurprr’s argumente [24]. 
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Let us conclude with a review of the satellites with unknown density. 
We now expect the Jovian satellite V and the Martian satellites Phobos 
and Deimos to possess a density of the order 3 and the satellites of 
Uranus and all the smaller outer satellites of the giant planets to possess 
a density of the order 1 in the case of masses smaller than log m = — 3.7, 
and of the order 2 for masses log m between — 3.4 and — 1.7. 

Pluto presents a kind of crucial case. This planet appears suitably 
placed in the diagram, when KurrEr’s data are adopted. Neither its 
mass nor its density are likely to be superior to the masses and densities 
possessed by the members of the group of satellites with which it is 
associated here. In fact if Pluto’s mean density attains, say, the value 
3, we must expect that its mass is similar to the mass of our moon, 
whereas, if observation should ever prove that Pluto’s mass is more 
nearly equal to the masses of Mercury and Mars, a mean density of 
Pluto in line with the densities of the terrestrial planets is the only 
rational alternative. The position of Pluto and Triton in the graph would 
seem to lend support to the fascinating assumption that these bodies 
are twins, either in the sense that Pluto escaped from Neptune’s satellite 
system and became an independent planet (LYTTLETON [39]), or in the 
sense that Pluto and Triton were initially twin planets, while the 
latter was captured by Neptune (DAUVILLIER and CaMICHEL [40)]). 
However, from our particular point of view none of these hypotheses 
has preference, because in any case the higher of the two possible mean 
densities of Pluto appears almost excluded for the following reasons. 

Besides in the iron meteorites, Fe, the main representative of group IV, 
must be abundant in the terrestrial planets. UREY, JEFFREYS [28] and 
BULLEN [29] have pointed out that the high density of Mercury recently 
put beyond doubt by Rase [30], an exceptional high density for such 
a small and only slightly compressed planet, proves iron to be abnormally 
abundant in this planet. Hence, the hypothesis of similar chemical 
composition of the terrestrial planets has to be abandoned. Apparently 
iron is more abundant in a planet the nearer it circulates round the sun. 
We will not be very far from the truth, when assuming for the zero 
pressure mean densities of the terrestrial planets the values of Table 3. 


TABLE 3 

Mean density | Mean densiti abi ies 

Planet Mass iad MemaaiacerGs a phase 
observed at zero pressure : 

| by weight 

ee 
| 

WIERD S. 9 og 0 uc 0.054. 5.46 5.4 68 
VICTIMS Pie aeacsia Sacues st 0.814 5.06 4.8 55 
Harth acu s.iceemiee tt os 6 1 5.52 4.3 4] 
Miers See oes swite reid st, Scere we 0.107 4.12 3.9 27 
INSTOT OCS meme aan ee 3.6 14 
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They deviate only slightly from Urny’s values [1] (p. 60), but show a 
monotonous decrease with increasing distance from the sun, which seems 
admissable and probable. We add the corresponding series of percentages 
by weight of iron phase, which can be adequately verified not only 
in the cases of the earth (Urry, following Bunien [31]) and the 
asteroids (viz. stony meteorites, whose iron phase percentages actually 
show two peaks, one at 9 and one at 18, WarTson [32], BRown and 
ParrEeRSON [33]), but also, though less directly, in the cases of the only 
slightly compressed Mercury and Mars. 

The next steps further downward in the series adopted would be 3.4 
and 3.3 for the zero pressure mean densities and 5 and 0 for the iron phase 
percentages, leading eventually to the mean density of the normal planetary 
silicate-, oxide- and sulfide-mixture without metallic iron surplus. Jupiter 
may still be distinguished by a high percentage of combined iron and the 
high mean densities of Io and Europa point also to a comparatively 
high percentage of iron in their composition, however, between the 
terrestrial planets and those beyond the asteroidal belt planetary com- 
position shows a definite shift from the compounds of the groups IV, 
III and II to those of the groups III, II and I. 

Metallic iron apparently tends to accumulate by its weight toward 
the centre of a system where it is present. So we are led back rather 
cogently from recent less conservative views on the earth’s internal 
structure (KUHN and RiTrMANN [34], RAMSEY [35] and others) to the 
older view that the earth contains more iron than the moon and that 
the iron has sunk eventually to the centre of the earth and formed its 
distinct core (GOLDSCHMIDT [36], EucKEN [37] and others). 

Moreover it should be pointed out that if intromercurial planets had 
been formed, they would almost certainly have contained a very large 
part of metallic iron. When we venture to extrapolate the adopted series 
through the 3 virtual intromercurial planets, which will be discussed in 
a following paper, we obtain 6.1, 6.9, 7.8 for their zero pressure mean 
densities and 79, 90, 100 for their iron percentages, values leading 
right up to plain metal phase. Hence, if meteorites exist and reach the 
earth, originating from those parts of the solar nebula within Mercury’s 
orbit which did not condense into singular planets, similar to those 
meteorites which are assumed to originate from the asteroidal belt, this 
fact would explain the puzzling sharp partition of meteorites in stones 
-and irons, without our having recourse to less convincing hypotheses, 
such as the explosion of a planet or the fractionation process, described 
by Urey, in so far as it should involve the lasting separation of iron 
and silicate phases into different drops in a turbulent medium. 

This unified point of view is expressed by the upper branch of the 
dotted line in the diagram which points from the terrestrial planets 
upward to the left through the positions of virtual intromercurial planets 
in the direction where the iron meteorites have to be placed, while the 
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middle branch points to the stony meteorites and the lower branch to 
the nuclei of new comets. 

It would be interesting to know, from the cosmogonic point of view, 
whether this process of centralisation of heavy molecules, or of a particularly 
heavy precipitate is perhaps more general. Such a factor would contradict 
the current assumption that the solar nebula was in large scale turbulent 
motion at the time of formation of the planets and would affect the 
equilibrium conditions of the solar nebula prior to the creation of the 
planets [25]. Moreover we are induced to study the action of radiation 
pressure and the Rospertson—PoyntineG effect [38] in the sorting out 
of particles as soon as a gaseous constituent of the original nebula condenses 
to dust. However, without sufficient quantitative specification it remains 
very dificult to state what modifications these effects would bring about 
in the final picture. 
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THE MASSES OF PLANETS AND SATELLITES DERIVED FROM 
THE DISC THEORY OF THE ORIGIN OF THE SOLAR SYSTEM 


BY 


H. P. BERLAGE 


(Communicated at the meeting of December 20, 1952) 


Abstract : It is shown that the dise theory of the origin of the planetary 
system in the form adopted by the author leads to a formula for the masses 
of the planets, and for the masses of the bodies of any secondary system, 
which is easily adaptable to the observed values and besides suggests 
a definite answer to some related questions. 


The subject of this paper is to show how the masses of the planets 
and satellites follow logically from the dise theory of the origin of the 
solar system, in particular when it is assumed that the solar nebula at 
the time of creation of the planets, firstly did no longer contain much 
matter in excess of the matter accumulated in the actual system and 
secondly that this matter was no longer subject to large scale turbulence 
but rotated in quasi steady motion. 

Let us start from the basic formula for the mass m of a planet or 
satellite as a function of its distance r from the centre of the system 
to which it belongs, 


pap ire * 
(1) m = constant x rie?" 


in which a is a constant. It presupposes a geometric progression for the 
radii of the orbits of the members of the system. 

The author found ‘this relation in 1935, after having introduced the 
theorem of minimum loss of energy due to viscosity in steady motion [1]. 
TER Haar [2], following von WerzsAcker [3], derived the same formula 
1948 along similar lines of reasoning although in a slightly less strict way. 

In Table 1 the observed masses of the planets, Kureer’s estimate 
of Pluto’s mass [4] inclusive, are compared with the theoretical values 
obtained by Ter Haar (TH,) and the author (BE,) on the basis of 
formula (1). This calculation only requires the determination of the two 
constants involved from the invariable total mass and invariable total 
angular momentum of the system. 

In a 1949 paper TER Haar reyised his theory pointing out that 


turbulent pressure in the solar nebula should have been at least a hundred 


times higher than ordinary gas pressure [4]. Moreover TER Haar recaleul- 
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ated the optical depth in the solar nebula and found that the equilibrium 
temperature of the gas should have decreased with increasing distance 
from the sun more rapidly than r-'. Thus he was led to a new formula 
for the planetary masses, namely 


(2) m = constant x r4e—*" 


The theoretical masses obtained herewith are also included in Table 1 
(TH,,). 


TABLE 1 
Some basic theoretical masses and the observed masses of the planets (Earth = 1) 


TH, TH, Corrected BE, | Observed 
Mercury. ....... 0.11 0035+ 007 | on | 0.08 
hee ee ee 0.5 0.3 0.6 0.24 0.82 
adhe s oes ss ‘ 1 1 ae: 125 1 
Te ee $1 4 8 30.5 | 0.11 
Ce Ee ee ee — ) — | _ 87.2 = 
a a 640 — 8000 160 | 133 318 
ee ey eae 450 10000 200 +4118 95 
meets 2 8 Sk 100 1600 32 514 | 14.6 
opens ge. a es 16 40 0.6 | 8.6 17.3 
Og ee 4 1.3 0.03 | 04 0.03 


Apart from the different ways in which the above mentioned constants 
were calculated a vital point in the problem is that Ter Haar, following 
his investigation of the condensation process, assumes that only | per cent 
of the matter in store for the terrestrial planets has condensed into these 
bodies. 

However, it is to be noted that, if rer Haar had calculated the masses 
of the planets according to his second formula without making the above 
separation between the inner and outer planets, he would have found 
the series of masses of Table 1 under the heading “Corrected’’, which 
certainly does not agree worse with the series of observed masses than 
the series TH,,. Hence, observational data are all but convincing that 
such a fundamental difference is involved. 

Furthermore rer H4ar’s correction for optical depth is bound up 
with the assumption that the solar nebula at the time of creation of the 
planets did not possess a mass comparable with the small total mass 
of the planets, but a mass of an order of magnitude one hundred times 
bigger, or about one tenth of the solar mass. This assumption was initiated 
by vow Werzsicxer [3] who stressed the vital effect of large scale 
turbulence on the final structure of the planetary system. It was also 
made by Kuiper [6] although on other grounds. He doubts whether 
without the mean density which the solar nebula would posses in this 
case, the protoplanets could ever have become gravitationally stable. 

As a matter of fact, if the solar nebula consisted of plain solar matter 
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originally, we must conclude from the actual composition of the planets 
that near 99 per cent of the mass of the nebula was lost in the course 
of its evolution. 

However, the author doubts whether a turbulent mass of this magnitude 
has been essentially involved in the production of the planets. He is not 
aware of any feature of the rapid process of development and disorderly 
concentration adopted unavoidably by those who assign the essential 
role to large scale turbulence, which could explain the almost perfect 
circularity of the planetary orbits and the regular progression of their 
radii. The question remains, why the wide variety of eddy dimensions 
and motions in a turbulent nebula was not reflected in the motions and 
masses of a numerous series of small bodies precipitated from the big 
cloud. And even KurpEr’s painstaking efforts to disentangle the true 
solution does not seem to disprove every investigator’s impression that 
we are lacking the red thread as long as we run into difficulties when we 
try to explain the diverse characteristics of the satellite systems together 
with those of the primary system along one and the same line. 

Because of this the author is convinced that we have to distinguish 
two periods in the evolution of the planetary system. The solar nebula 
lost first towards 99 percent of its mass by the escape of most of its free H 
and He in a comparatively short time. Not before, but rather after the 
loss of the greater part of its lightest constituents the cloud flattened 
out strongly and the remaining structure, a toruslike disc [7] (1948), 
would be mainly composed of the heavier gases and sooner or later of 
the dust precipitate of the supersaturated substances, that is, composed 
of planetary constituents. 

The variable concentration of iron in the planets shows that large 
scale turbulence had died out [7] (1952). Large vortices with axes 
perpendicular to the direction of the solar field of gravitation are probably 
not persistent. Whether the disc in this phase is still slightly turbulent 
or in laminar motion, is of no great importance, the result being the same. 
The rotation approaches circularity and a quasi-steady state, whereas 
the total mass of the nebula has become negligible compared with the 
solar mass. Hence, gaspressure in the disc is low and its angular velocity 
throughout Keplerian in first approximation. 

At this point the author’s theory applies and seems to produce an 
adequate solution of the problem. As he was able to show, [7] (1940) 
the dissipation of the disc proceeds, but almost certainly not in that 
rapid direct way, studied in detail by R. Lisr [8], through the fall of 
a substantial fraction of its mass on the sun and the lift of the remaining 
fraction towards infinity. It is safeguarded against such a dangerously 
short “‘life time’, which could hardly permit the generation of planets, 
by the naturel tendency of a gaseous disc rotating round a massive centre 
to be remodelled by viscosity primarily into a set of concentric rings. 
These rings may in favourable conditions gradually acquire the Roche 
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critical density and accumulate into heavy cores and secondary dises, and 
finally into planets and satellites. 

Von WEIZSACKER is on the same track, since he pointed out by similar 
reasoning [9] (1948) that the formation of rings is one of possible modes 
of transformation of a rotating nebula. O. J. Scumrpr drew the same 
conclusion from his analysis of the statistics of exchange of mass and 
angular momentum in a plane solar envelope [10], whereas von HOERNER 
clarified the mechanism which is involved, showing that secondary radial 
currents may occur in a rotating gaseous mass, whose equilibrium is 
perturbed by internal friction, superior to and contrary to the primary 
radial currents [11]. 

Following some arbitrary assumptions ScHMrpT was led to a theoretical 


interpretation of Bode’s rule (Va, Foe Va, = constant) which suggests 
that the planetary system was created in two stages, namely first a 
planet X, Jupiter, Saturn, Uranus, Neptune and Pluto (ids) and later 
— by a transformation of X — Mercury, Venus, Earth, Mars and Asteroids. 
An identical formulation of Bode’s rule and the same suggestion — which 
after all is worth to be kept in mind — were put forward by the present 
author [7] (1940). He returned later to the hypothesis of a one phase 
creation of the planetary system since he discovered an error in his earlier 
discussion and was able to make it plausible in a very general way that, 
if a rotating gaseous disc is resolved in a set of concentric rings, the 
radii of the rings follow basically a geometric progression [7] (1948). 

These considerations lead us back to formula (1). 

Now, the chemical composition of the remaining solar nebula was 
evidently of such a kind that the densities of the minor solid bodies of 
the planetary system acquired values roughly between 0.5 in the colder 
outer parts and 5 in the hotter central parts. It may perhaps be argued 
that a tendency must have existed for the heavy elements to accumulate 
towards the centre and for the lighter elements to move to the periphery 
already early in the history of the solar nebula. But even if large scale 
turbulence prevented this and the chemical composition of the solar 
nebula was roughly homogeneous at the time of creation of the planets, 
the mean densities of the solid bodies observed prove that in conditions 
least favourable for condensation a small inner planet may have been 
unable to appropriate more than one tenth of the matter available for 
its creation. But this is roughly the average ratio between the values of 
the observed masses of the terrestrial planets and their masses computed 
with the aid of formula (1). 

This proves that we may without objection reduce THR HaaRr’s 
distinction between the condensational capacities of the inner and outer 
planets from 1 : 100 to 1: 10, 

Nevertheless, when we analyse carefully the course of events, we 
must come to the conclusion that the condensation of the planets has 
not been the individual activity of every planet separately for which 
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it is often held. Matter is exchanged between rings and protoplanets 
mutually up to the last round in which the system gets its terminal 
shape. When in the solar nebula in one place a substance is gaseous and 
in an other place it has been converted into a precipitate, the gas and 
the precipitate will invade each others territories up to the acquisition 
of a quasi steady state, with a tendency to the disappearance of the gas 
from the hotter parts of the nebula and its condensation in the colder 
parts, whereas the crystals exist by the balance of two conflicting effects, 
volatilization by collision and spontaneous reformation (HoyLe [12]). 
This physico-chemical equilibrium in the solar nebula will not be disturbed 
until larger masses condense and even if in one place a substance is too 
volatile to be acceptable to a smaller planet the gas does not simply 
vanish. It remains part of the system and will be dispersed through 
it and contribute to the building up of other planets. 

If looked at from this angle the disc remains a totality for a long 
time during its transformation. When it changes shape in one part it 
will also change shape in another part proceeding slowly through a 
sequence of quasi stationary models. These models, as the author has shown 
[7] (1948), may deviate from the standard density distribution in the 
equatorial plane, 


(3) 0, = 0 exp [—ar'] 


which is at the base of formula (1), by undulations superimposed on the 
monotonous exponential decrease of the density in outward direction. 
Quite naturally the distribution (3) may and will assume the extended 
form 


(4) 0, = @ exp [— ar* + & sin (po log r + qo) + e sin (p, log r + q,) + 
+ &€ sin (p,log r + g) + ...] 
Consequently the planetary masses and the masses of a family of satellites 
may deviate from the fundamental formula (1) in certain legitimate 
ways, comparable with Fourier serial superpositions. 
Since the second term of the exponent disappears at the theoretical 
distance from the centre of every member of a system, this leads to the 
following extended formula for the logarithm of the mass of a member 


(5) “log m = 5 log r—ar* - log e + e, sin (p, logr + q) + 


+ & sin (plogr+q)+...+K 


However, a slight but not negligible amendment on this formula is still 


permitted, since following [7] (1948), page 798, when s is small we obtain 
in first approximation 


(6) “log m = § “log r —ar!** . Wlog e + 5 Wlog r + 


+ € sin (py log r + q%) + & sin (p, log r + Gs) Pe 
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This formula is very flexible, and the superposition of only two oscillating 
terms appears to suffice in the practical cases where it can be applied 
and tested. 

In the case of the primary system, when the following constants are 
assumed, 


(7) mice fo — og T, = 0.251, a = 6.0 +-10-" cm—", s = 0.02, 
& = — 0.88, e, = — 0.90, p, = 3.1, p, = 1.4, g = 41°, g, = 305°, K = + 1.16 


a calculation of the planetary masses leads to the values listed in Table 2. 
The unit of distance is the astronomical unit, the unit of mass is the 
mass of the earth, 7, and 7, ,, are the radii of the orbits of two successive 
planets. 


TABLE 2 
Calculation of the masses of the planets with the aid of (6) and (7) 


| log r(theor.) | log r(obs.) m(calc.) m/(obs.) 

— 1.255 0.0002 
Intromercurial . — 1.004 0.07 

— 0.753 0.07 
Mercury. Soe 2 es = — 0.502 — 0.412 0.04 0.05 
WONT eS gos a ae 4) — 0.251 — 0.144 0.83 0.82 
Biehl ssh apie. 0 0 1 1 
Maris sorte. << 0.251 0.183 0.11 0.11 
AB UOMOMNE Ms. cies es. Sr e- 0.502 — 2.57 very small 
Jupiter 0.753 0.716 309 318 
Saturn. . 1.004 0.980 98 95 
Uranus 1.255 1.283 13.5 14.6 
Neptune 1.506 1.478 18.6 17.3 
EG ee wis a tne ee es LiDT 1.596 0.2 0.03 
Transplutonian.... . 2.008 0.00003 


It was shown [7] (1948) that our hypothesis requires that the primary 
fluctuation of the density, that is the second term of the exponent in 
[4], must have reached an amplitude e, = ¢, = 8, before the final condensa- 
tion of the planets takes place. The amplitudes s, and ¢, of the secondary 
fluctuations are therefore almost 10 times smaller. This is a satisfactory 
conclusion, because it would explain why the deviations of the planetary 
orbits from a geometric progression remained also relatively small. 

Now, when we compare our mathematical procedure with Fourier 
analysis we need not be surprised about the excellent agreement between 
the computed and observed masses of the planets. On the other hand 
the impression prevails that an adaptation of the 8 independent constants 
in formula (6) would rarely succeed so adequately in arbitrary cases of 
successions of 9 masses. In fact the difference is, that the waves super- 
imposed on the primary density distribution are no chance products 
but of physical origin and probably of three kinds only, because they 
reflect the nature of three fundamental planetotectonic substances. 

This method of derivation of the masses of planets and satellites is 
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therefore essentially similar to the method of the introduction of some 
factor expressing the reduced capacities for condensation of the terrestrial 
planets, however, it is much more refined and sensitive and allows us to 
answer some new questions of vital interest. 

Here we ask which values are obtained for the masses of intromercurial 
planets, the asteroidal belt and a planet beyond Pluto. 

Whereas the exceptionally large eccentricity and inclination of Mercury’s 
orbit are already indications of irregularities in the formation of this 
innermost planet, several factors may have hampered the condensation 
of more central planets. First of all in the extreme position near the sun 
there was a great risk that they never became gravitationally stable, 
while if they remained in the state of dust or planetesimals, solar radiation 
pressure and the Robertson—Poynting effect must have acted in a 
dispersive way. 

Two intromercurial planets could have developed and acquired relatively 
important masses, viz. both 0.07 of the earth’s mass, or masses between 
those of Mercury and Mars. The other virtual bodies nearer to the sun 
are all completely insignificant. Hence, the total mass of matter, which 
was in store for the generation of planets within Mercury’s orbit may be 
evaluated at 0.14 of the mass of the earth. 

In a previous publication [7] (1952) attention was drawn to the 
remains of the solar nebula within Mercury’s orbit as a second birth- 
place of meterorites, particularly the irons. From this point of view, if 
theoretically acceptable, it is certainly interesting to note that the total 
mass of the virtual intromercurial planets on the one side and the mass 
of the virtual asteroid planet on the other side are in the ratio 0.14 : 2.57. 
It would reflect the rare occurrence of iron meteorites relative to the stony 
ones. 

The mass of the transplutonian ring comes out so small that we cannot 
expect that a chance has ever existed for the formation of a singular 
planet beyond Pluto. We may assume, as was discussed earlier [7] (1948), 
that transplutonian matter gave birth to the comets. Strictly speaking 
its total mass would have been quite insufficient even for the performance 
of this task, since it attains only 1/1000 part of the total mass of the cloud 
of comets as estimated by Oorr [13]. However, conditions in these outer 
regions of the solar nebula have become irregular. Pluto is already moving 
in an unusually elongated and inclined orbit and was evidently created 
from matter revolving round the sun in a much smaller orbit than is 
theoretically expected. The hypotheses that Pluto started as a satellite 
of Neptune or that Trition originated as a “plutoid” are seriously 
advocated [14] [15] and the author, though opposed to hypotheses ad 
hoc, must concede that they might show us the only way to solve two 
puzzling problems, namely, how Neptune produced one major satellite 
(Nereid is and insignificant body), since this is the most improbable 
event to occur [16], and how Triton acquired the regular sense of revolution 
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in contrast with other retrograde satellites, whereas both the rotation of 
Neptune and the revolution of Nereid are in the reverse direction. In 
any case, if half of the matter which, according to Table 2 was available 
for the generation of Pluto (and possibly Triton) has been dispersed, 
that is 1/10 of the earth’s mass, part of it must have been sufficient for 
the production of the comets. Hence the hypothesis of the origin of the 
comets from the outskirts of the solar nebula is certainly acceptable. The 
comets should then be justly designated as the smaller members among 
the “‘plutoids”’. 

As regards the pseudo-planet with a mass equal to 2.57 terrestrial 
masses which comes in the place of the asteroids, it is striking to find 
here the case of a planet whose mass is intermediate between the masses 
of the Earth and Uranus and which seems to have been destroyed. We 
noted [7] (1952) that a mass of this magnitude very probably is a critical 
mass for a planet leading to instability and disintegration, or perhaps 
even to explosion according to a theory elaborated by Ramszy [17] and 
LIGHTHILL [18]. This supports the view, now generally accepted, that 
this origin of the asteroids and a cloud of meteorites is the most probable 
one. Moreover, if it is true that the cloud of meteorites was transformed 
by planetary and stellar perturbations into the cloud of comets, the 
structure of which was investigated by Oort, and that 1/30 of all the 
mass which escaped from the asteroid region entered into this cloud [13], 
its mass should have attained a value of the order 1/10 of the earth’s 
mass. As this is the right order of magnitude the hypothesis of the origin 
of the comets from a disintegrated planet between Mars and Jupiter 
seems also to rest on a sound quantitative basis. 

Let us conclude with a brief discussion of the three satellite systems 
which are most numerous and lend themselves to a verification of the 
masses of their members by (6). These are the satellite systems of Jupiter, 
Saturn and Uranus. In this connection the retrograde satellites are left 
out of consideration. It is easy to explain their sense of revolution on 
the basis of the theory that every protoplanet passed the ring-stage 
[19], but it is hardly imaginable that the masses of the retrograde satellites 
would bear any quantitative relation to the masses of the regular ones. 

The satellite systems of Jupiter and Uranus are very similar. Both 
contain four prominent satellites and some minor ones both inside and 
outside the orbits of the major satellites. These systems and also the 
primary system with its four giant planets, represent very clearly the 
type which was designated in a previous paper as the most probable 
one [16]. They are as such characteristic structures, however, the masses 
of the smaller satellites of Jupiter and Uranus are almost negligible 
and have so far remained incalculable. The systems of Jupiter and Uranus 
are therefore not suitable to a mass analysis as was just given of the 
primary system. On the other hand Saturn’s satellite system lends itself 
extremely well to such an analysis. 
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The masses of the regular satellites of Saturn have been the subject 
of careful studies and are rather exactly known [20]. They are compiled 
in Table 3. 

TABLE 3 


The masses of Saturn’s satellites in parts of the planet’s mass 


Mimagesvme st meen 2mm 4.000.000 
Enceladus. ..... . 6.622.000 
ANAveAuc ee ge a oa Oe 876.000 
IDM GG Gh eee 541.000 
ASAn Nee ty Myelagtel one oe 250.000 
tH alee cel Sale) Lhe Sec tere 4.033 
Hyperion. ..... . 5.000.000 
Japovuse awe enw 375.000 


Just as we included among the planets the belt of asteroids so we must 
include among the satellites Saturn’s rings. They come in the place of 
satellites revolving within Roche’s limit. Three rings are distinguished. 
An outer ring A is separated from an inner ring B by the partition of 
Cassius. Inside B a much darker ring C is seen. Their dimensions are given 
in Table 4. 


TABLE 4 


The dimensions of Saturn’s rings 


Outer radius of A... .. . =4138700 km 
Inner radius of A... .. . = 121000 
Outer radnis*of BO) = | = 2 2117500 
innersradiis Jot Bea ee... == easoue 
Imner radius ofiGa . si.5 ee) OOO 
Equatorial radius of Saturn . . = 61500 


In Table 5 are listed the masses of Saturn’s satellites as observed and 
calculated with the use of the following constants 


(8) *log 7,4, — Mlog r, = 0.118, a = 1.38 x 10 em—, s = 0.1, 
& = — 0.70, & = 0.40, p, = 5.2, p. = 1.9, g, = 60°, gg = 81°, K = — 7.02 


The unit of distance is the equatorial radius of the planet, the unit of 
mass is the planet’s mass, r, and r,, are the radii of the orbits of two 
successive satellites. 

Table 5 requires additional explanation, because the author, for obvious 
reasons, has assumed that matter in store for 5 satellites accumulated 
in Titan, whereas matter in store for 3 satellites accumulated in Japetus. 
We have to expect occurrences of this kind when rings are formed of so 
little different radius that they remain easily mixed up. Therefore the 
final system did not conform to the ideal structure envisaged, 
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TABLE 5 


Calculation of the masses of Saturn’s satellites with the aid of (6) and (8) 
SS 


log r(theor.) | log m(calc.) 
IOS is eth | 0 0 
Mean Ring C ..... 0.110 0.118 — 6.78 
Mean Ring B..... | 0.220 0.236 — 6.42 
Mean Ring A..... 0.324 | 0.354 — 6.62 
a ee ee 0.487 0.472 — 7,16 == 717 
Poeclaans 25 562.5 so - 0.595 0.590 — 6.83 — 6.82 
i ee 0.688 0.708 — 5.98 — 5.94 
eee es eer ae 0.795 | 0.826 — 5.51 — §.73 
a ee 0.940 | 0.944 — 5.50 — 5.40 
| 10x | — 5.95) 
1.180 — 4,33 
J 1.306 | 1.296 —3.95>—3.70| —3.61 
Hypoion. .<....{| #41397 | 1.416 ess \ — 6.70 
1.534 — 5.30 ) 
| 1.652 5.83 
Meee ke tf | LTO fF 1,770 —§.835—5.51) — 6.57 
| 1.888 at 
t 


The particular position which Hyperion occupies according to this 
Table may apparently be due to the condensation of minor remnants of a 
ring which delivered the bulk of its mass to Titan. It should be noted 
that Hyperion is also singular in its exceptionally high mean density 
[7] (1952). We may conclude that only the heaviest particles in Hyperion’s 
ring succeeded to accumulate in one body and this is certainly a reasonable 
assumption. An other interpretation of the particular nature of Hyperion, 
if theoretically acceptable, would be that it is an asteroid captured in 
Saturn’s system. 

After having so adjusted the theoretical distribution of the masses 
of the satellites to the observed distribution that better agreement can 
hardly be achieved, we are in the position to compute the masses of the 
3 rings of Saturn. They are, when expressed in the planet’s mass, 


A =1: 4.200.000 
B=1: 2.600.000 
C = 1 : 6.000.000 


in accordance with the fact that the central ring has the biggest mass, 
the inner dark ring the smallest, whereas the total mass, 1 : 1.200.000, 
is likely to be of the right order of magnitude. 

There is no room for a ring of matter inside ring C, since its radius 
would coincide with the planet’s radius. On the other hand the most 
peripheral direct satellite Japetus behaves already irregularly in so far 
as its orbit is rather highly inclined on the planet’s equator. This makes 
it doubtful whether some direct satellite between Japetus and the retro- 

5 Series B 
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grade Phoebe still awaits discovery, the more so because its theoretical 
mass, which is somewhat greater than Hyperion’s mass would render 


it visible. 


Hence, disregarding the coagulation of some satellites, the total series 


of satellites is remarkably complete in this case. 
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PHYSICS 


ENTROPY AND MOBILITY OF ADSORBED MOLECULES 
II. NITROGEN ON CHARCOAL 


BY 


J. H. DE BOER anp S. KRUYER 


(Communicated at the meeting of December 20, 1952) 


1. Introduction 


In article I of this series’) we described a procedure of calculating 
the entropy of adsorption from experimental data. The differential heat 
of adsorption, 4H, and the differential adsorption entropy, AS, for various 
amounts of molecules adsorbed at a temperature 7 = 4(T,+7,), are 
calculated from the differences in free enthalpy, AG, between the same 
amounts of adsorbed molecules and the three-dimensional gas standard 
(p®° = 760 mm of mercury) at the temperatures 7, and 7). 

The experimental figures of AS, thus obtained, are then used to calculate 
AS®, representing the difference in differential molar entropy between 
the three-dimensional gas in its standard state and the adsorbed standard 
state. As we use two different models of adsorption, it is convenient 
to use two different standard states of adsorption as well. The model 
of site adsorption (immobile adsorption) is most easily characterized by 
choosing the state where 6 = 4 (6 is the degree of occupation) as the 
standard state. In the case of the model of mobile adsorption, however, 
it is more convenient to adopt a two-dimensional gas standard, related 
to the three-dimensional one, the two-dimensional standard pressure, F°, 
then being 0.338 dynes/em and the standard molecular area, A® = 4.08 
TP MA" ean". 

In order to compare the experimental data for AS with theoretical 
figures, we therefore calculate AS? for comparison with the model of 
site adsorption and AS° for the comparison with the model of mobile 
adsorption. The details of the procedure are all described in article I 
of this series. 


2. Rotation entropy and the adopted models 


In article I of this series we introduced two entropically ideal models. 
In the conception of the “entropically ideal mobile adsorption” it is 
assumed that the original translation entropy of the gas is substituted 
by the translation entropy of an ideal two-dimensional gas and that all 


1) J. H. pe Borer and 8S. Krvuyer, Proc. Kon. Ned. Ak. v. Wet., 55B, 451 
(1952). 
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internal vibrations and rotations remain unchanged. One may quite well 
imagine that such a state of affairs can exist. 

The model of “entropically ideal site adsorption’, however, is character- 
ized by the condition that all molecules are so firmly bound to the surface 
that they have no freedom of translation any more and that the vibrations, 
which they make, either perpendicular to the surface or parallel to it, 
do not contribute to entropy. On the other hand we assume that they 
fully retain their internal vibrations and rotations. There may be some 
doubt whether such an idealized state can exist. If the movements of the 
molecules are restricted to such a degree that the vibrations which they 
make with respect to their sites do not contribute to entropy, it may 
be expected that also their rotational movements will be somewhat 
restricted. As, however, in many lattices of solids, rotational movements 
do exist, our conception of the “‘entropically ideal site adsorption’”’ may 
be maintained as an idealized model for comparison with experimental 
data. 

In article I of this series we studied the entropy data of atomic gases 
on charcoal. Rotation and vibration entropy, therefore, did not play a 
role. In the present article, we deal with the adsorption of nitrogen on 
charcoal and we may not neglect the influence of the internal movements 
in the molecules. The vibrations of the atoms in these molecules are such, 
that at the temperatures concerned, they do not give any significant 
contribution to entropy. The vibration entropy of nitrogen at 340° K 
is only about 0.001 entropy units (calories/degrees). The rotation entropy, 
however, may not be neglected at all. The nitrogen data refer to tempera- 
tures between 83.7° K and 389° K, the rotation entropy of the free gaseous 
molecules varies correspondingly between 7.3 entropy units and 10.4 
entropy units. 


3. The adsorption of nitrogen on charcoal at temperatures higher than 
— 80°C 

The adsorption of nitrogen on charcoal has been measured by various 
investigators. Trrorr) worked at temperatures ranging from about 
— 80° C to about + 150° C. From a Langmuir plot of his isotherm of 
— 79° C, the maximum amount of nitrogen (in em? N.P.T.) which could 
be adsorbed on his charcoal is calculated to be v,, = 67 cm3/g. Assuming 
an area of 16 A® per nitrogen molecule, the specific area of his charcoal 
ae been 290 m2/g. This figure has been used to calculate —AS? and 
AS,, and the degree of occupation, 0. The data are collected in table Ee 
which is similarly arranged as the tables in article I of this series. 

In the same year Miss Homrray 3) measured the adsorption of nitrogen 
on charcoal, using the same charcoal as for the measurement of the 


*) <A. Trrorr, Z. physik. Chem. 74, 64] (1910). 
*) I. F. Homrray, Z. physik. Chem, 74, 129 (1910). 
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TABLE I 


Nitrogen on charcoal; data from A. Trrorr 


a © = 10 10 AQ | u a] 
T, and T, °C -_ ; AH |—AS;| Si | —4S?,| ,S9.—4S?. 
keal/mol| e.u. | e.u. e.u, e.u. 
— SY 
—79 and 0 233.5 | 0.015 2.8 13.1 | 34.7 | 4.8 11.0 
0.045 3.2 14.3 6.2 
0.12 3.2 14.3 6.4 
0.19 3.2 14.8 71 
0 and 30 288 0.045 3.9 16.8 | 35.8 | 8.4 11.2 
0.075 3.9 17.2 8.8 
0.105 4.0 17.4 9.1 
| | 
30 and 80 | 328 0.02 4.2 17.9 | 36.4 | 9.2 11.4 
0.045 4.4 18.4 10.0 
80 and 151.5 | 389 0.002 4.1 18.6 | 37.2] 8.6 11.5 
0.006 4.4 18.1 8.1 
0.013 4.5 18.6 8.6 
0.018 4.4 18.4 8.4 


adsorption of argon, which we discussed in article I of this series. We 
there estimated the specific area of her charcoal to be 333 m2/g. The 
nitrogen isotherm of — 78.3° C plotted as a Langmuir isotherm yields 
a maximum amount of 213 cm? nitrogen (N.T.P.) on 3 grams of charcoal, 
which gives a specific area of 303 m?/g. This figure agrees reasonably well 
with that from the argon isotherms. The data following from Miss Hom- 
FRAY’s work are arranged in table II. 


TABLE II 
Nitrogen on charcoal; data from I. F. Homrray 
AT —As? ] tr AS oor Boye 
wt is OY oe ss g keal/mol| e.u. | e.u. | e.u. e.u. 
— 78.3 and — 28.5) 220 0.07 3.95 17.6 | 34.4 9.7 10.9 
0.19 4,2 19.0 V3 
— 28.5 and 0 259 0.06 4.55 19.6.ae 3-2 11.6 11.15 
0.12 4.4 19.2 11.3 
0.165 4.4 19.3 11.5 


The adsorption of nitrogen on charcoal at higher temperatures was 
recently studied by Ray and Box‘), who also measured the adsorption 
of many other gases on the same charcoal. We shall use the data for 
nitrogen in this article. The specific area of their charcoal was estimated 
by means of the method of Brunauver, Emmerr and TELier and is 
given as 1152 m?/g. 


4) G. ©. Ray and E. O. Box, Ind. Eng. Chem. 42, 1315 (1950). 
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The data are assembled in table III. 


TABLE III 
Nitrogen on charcoal; data from G. C. Ray and E. O. Box 


2A” \=A80| {Sh |= Ase ee 
T, and T, °C T °K 8 keal/mol| e.u. | e.u. eu. eu. 

ee ee ee eee 
37.8 and -93.3 339 0.009 3.7 21.8 | 36.5 | 13.0 11.4 

0.018 4.1 20.5 11.6 

0.027 4.3 20.8 12.0 

0.036 4.3 20.8 12.0 

0.045 4.3 20.9 12.2 

0.054 3.9 20.0 11:2 

0.063 3.7 19.4 10.6 

0.076 3.6 19.0 10.3 

0.081 3.4 18.5 9.8 | 

0.089 3.4 18.6 9.9 | 

0.099 3.4 18.7 10.0 

0.107 3.4 18.8 10.7 
93.3 and 121.1 380 0.007 4.7 S17) 37.1.) 126 11.5 

0.015 4.5 21.4 12.3 

0.022 3.6 19.0 9.9 

0.029 3.5 18.7 9.6 | 

0.036 3.5 17.6 | 8.6 

0.048 jj 3.1 17.8 | $7.4 

0.050 3.1 17.7 8.7 | 

0.057 38 178 Cae | 

0.064 Bal 17.8 8.8 

0.072 3.2 18.0 9.1 

0.079 3.2 18.1 9.1 


The charcoal used by Trrorr may probably be compared with the 
charcoal used by Miss Homrray. Undoubtedly the charcoal of Ray and 
Box was a more activated one, the specific area being nearly 4 times 
as large. The values of the differential heats of adsorption, however, 
seem to be practically the same. Comparing e.g. the value of — JAH = 4.3 
keal/mol at 6 = 0.045 and 7 = 339° K (Table III) calculated from the 
data of Ray and Box with — AH = 4.4 kcal/mol at 6 = 0.045 and 
T' = 328° K (table I) from Trrorr’s data and making similar comparisons, 
we are induced to conclude that the heat of adsorption at temperatures 
higher than 300° K is the same in these two sets of experiments, 

Ray and Box made measurements at pressures higher than one 
atmosphere and, therefore, extended the data to larger degrees of 
occupation, #. There seems to be a tendency for — AH to decrease slightly 
with increasing 0. 

The data for temperatures between — 80° @ and 0° C, taken from 
table I and II are not in complete harmony. It looks as if Trrorr’s data 
give a too low value for — AH. Also the entropy figures calculated with 
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TiroFr’s data at 233.5° K deviate from the other figures. HOMFRAY’s 
data yield the same value for — AH ag found at higher temperatures 
and small values of 0. 

It is remarkable, however, that — AH seems to be more or less in- 
dependent of 6 (between § = 0.06 and 0 = 0.19) in this region of tempera- 
tures. There is no tendency to decrease as is the case at higher temperatures. 

All entropy data indicate that the adsorbed nitrogen molecules cannot 
have lost much of their mobility. The figures for —AS? are so remote 
from ,S}, that the model of the “‘entropically ideal site adsorption” 
does not come into the picture. Comparing — AS? with (,S?,—,S?,) 
leads to the result that, at temperatures higher than 300° K, hence 
above room temperature, the adsorption is still slightly ,,swper-mobile” 
(see article I of this series). This means that in the act of adsorption 
the translation in a direction perpendicular to the surface is replaced 
by a vibration with respect to the surface as such, still giving a slight 
contribution to entropy. The translation in two directions along the 
surface is not hindered at all, nor is there any restriction of the rotation 
of the nitrogen molecules. The figures calculated from the data of Ray 
and Box indicate a tendency of —AS® to decrease, which might mean 
that together with a small decrease of — AH at higher values of 6, the 
freedom of movement also increases slightly. It is remarkable that at 
6-values smaller than 0.02 the results of table III point to it that the 
vibrational movement perpendicular to the surface has reached its lowest 
level, whilst the data of table I still indicate some degree of super- 
mobility. It may be that the difference in charcoal (more active in the 
case of table III) demonstrates itself already in entropy data, whilst 
the differential heat of adsorption does not show much difference. 


4. .The adsorption of nitrogen on charcoal and on graphite at low 
temperatures 


BrunaverR and Emmerr®) studied the adsorption of nitrogen on 
charcoal at temperatures between 77.4° K and 90.2° K. The charcoal 
which they used was the same as in the study of the adsorption of argon 
(see article I, table II). The specific area of the charcoal was 870 m?/g. 
Table IV gives the data. 


TABLE IV 


Nitrogen on charcoal; data from 8. Brunaver and P. H. EMMerr 


, AH .\..—As? St a ae ee 
ee keal/mol e.u. e.u. e.U. eu, 
83.7 0.80 1.9 16.1 | 29.6 13.2 10.0 
0.87 1.9 16.3 | 14.2 | - 


5) §. Brunaver and P. H. Emmert, J. Am. Chem. Soc. 59, 2682 (1937). 
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Unfortunately, also here, as with argon, only a few points of higher 
degrees of occupation taken from their curves were accurate enough 
for our calculations. The model of mobile adsorption gives the best 
description, just as was the case with argon. Just as with argon, there 
is an appreciable degree of restriction of the free movement. 

BaRRER °), whose measurements of argon on graphite were discussed 
in article I of this series, studied also the adsorption of nitrogen between 
113.8° K and 131.2° K. The specific area of his graphite was 45 m?/g. 
The data are assembled in table V. 


TABLE V 
Nitrogen on graphite; data from R. M. Barrer 


i ——— —————— 


T °K 6 —AH | —AS? Str area Str Pe 
keal/mol | e.u. e.u. e.u. e.u. 
| 
122.5 0.13 2.13 20.3 31.5 13.7 / 10.4 
0.17 2.13 20.1 13.7 
0.21 2.73 20.6 14.2 
0.26 2.72 21.1 | 14.9 


The differential heat of adsorption is independent of the degree of 
occupation, §. The model of mobile adsorption describes the situation 
better than the model of site adsorption. 

Just as was the case with argon on graphite at this temperature and 
at these values of 6, there is some restriction of the movements of the 
molecules. 

We shall now discuss the significance of these restrictions. 


5. Discussion of the adsorption of nitrogen 


The anisotropy of the polarizability of nitrogen is such that the 
polarizability in the direction of the axis joining the two atoms is greatest. 
The energy of van der Waals adsorption on a surface is, nevertheless, 
greatest when the molecule is placed in a position where the distance 
between both atoms and the surface is smallest. This means that, 
energetically, a position where the molecule is orientated flat to the 
surface, is the most favourable one ’). 

Adsorption of a molecule by van der Waals forces on a surface of a 
conductor may give some modification in the values of the adsorption 
energies in a position flat to the surface and an orientation perpendicular 
to the surface, because the double layer which results from protruding 
electrons tends to polarize a molecule statically, thus promoting slightly 
the position when the molecule shows its axis of greatest polarizability 


°) R. M. Barrer, Proc. Roy Soe. (London) A161, 476 (1937). 
CS) A & DE Boer and G. Heuer, Physica 4, 1045 (1937); see also J. H. pe Boer, 
The Dynamical Character of Adsorption, Chapter VII (The Clarendon Press, 1953). 
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perpendicular to the metal surface. In studying adsorption phenomena 
charcoal and graphite may be considered as conducting surfaces. As a 
result of the various effects opposing each other, the difference in adsorption 
energy between the two positions will not be great. 

It is therefore not surprising to find that there is still a free rotation 
of the adsorbed molecules in two directions at temperatures higher than 
— 80° C. One might, however, expect the molecules to show a tendency 
to take up positions flat to the surface at lower temperatures. A picture 
of the molecules, freely moving along the surface in two directions, so as 
a two-dimensional gas, rotating freely along an axis perpendicular to 
the surface, but not rotating along an axis parallel to the surface, may 
not be ruled out straight away. The entropy data of adsorption on 
charcoal at 83.7° K (table IV) and on graphite at 122.5° K (table V) 
do not disagree with this picture. 

At 83.7° K the standard translation entropy of the gas (,S?, = 29.6 e.u.) 
and the rotation entropy (in two directions, ,S,,, = 7.3 e.u.) result in a 
total entropy of the gas of 36.9 e.u. The standard translation entropy 
of the two-dimensional gas (,S!, = 19.6 e.u.) and a rotation entropy 
of one rotation (4,S,,, = 3.65 e.u.) would result in a total entropy of 
23.25 e.u. for the standard state. If then the picture, which we discuss, 
would be the right one, the loss in entropy caused by adsorption would be 
36.9 — 23.25 = 13.65 e.u. whilst (table IV) we find for — AS? the values 
13.2 and 14.2 e.u. A similar calculation of the adsorption of nitrogen 
on graphite at 122.5° K gives the following results: 


entropy of gas: Sir + Ser = 31.5 + 8.1 = 39.6 en, 
entropy of adsorbed state: ,S?,+4,S,,., = 21.1 + 4.05 = 25.15 eu. 
hence loss of entropy by act of adsorption: 14.45 e.u. 


The values for —AS®° , found from experimental data range from 13.7 e.u. 
to 14.9 e.u. 

Fortunately, however, we possess data about the adsorption of argon, 
measured by the same investigators on the same adsorbents and at the 
same temperatures. In article I of this series we concluded from the 
data from Brunaver and Emmett that the behaviour of argon atoms, 
adsorbed on charcoal at 83.7° K, may be described as the behaviour 
of a two-dimensional gas with a restricted movement. The extra loss 
in entropy due to this restriction of the free translation is 3.4 e.u. (table II 
of article I). The differential heats of adsorption for argon and for nitrogen 
on charcoal at 83.7° K (degrees of covering between 9 = 0.80 and § = 0.95) 
are the same, viz. 1.9 kcal/mol. We may, therefore, expect the free 
translation of the adsorbed nitrogen molecules to be restricted in a 
similar way as is the case with argon. Assuming the same extra loss 
of entropy caused by this restriction, we see that the expected value 
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for —AS? should be 10.0 + 3.4 = 13.4 e.u., completely in agreement 
with the values calculated from the experimental data. We may, there- 
fore, conclude that at this low temperature and at these high degrees 
of occupation, nitrogen molecules, when adsorbed on charcoal, suffer a 
similar restriction of their two-dimensional translation movements as 
argon atoms do, whilst their free rotation — in both directions — is 
unhindered. 

A similar conclusion may be drawn from the data of the adsorption 
of argon and nitrogen on graphite at 122.5° K by Barrer (table V of 
the present article and table III of article I). Comparing the data for 
the same degree of covering, viz. 6 = 0.16, the differential heat of nitrogen 
(2.73 keal/mol) is slightly higher than that of argon (2.50 kcal/mol.) 

We may expect a somewhat more severe restriction in the freedom 
of movement than with argon. The extra loss of entropy in the case of 
argon being 1.45 e.u., we may expect a slightly higher figure for nitrogen. 
The difference between —AS), and (,S{,—,S¢,) at 6 = 0.17 is 3.3 e.u. 
which, within the possible errors, is in agreement with this view. 

When we compare the data of the adsorption of nitrogen and of argon 
on charcoal at temperatures between — 80° C and 0° C as studied by 
Miss Homrray, (table II of the present article and table I of article I) 
we see that the adsorption of argon may still be described as to be some- 
what “‘super-mobile’’. The adsorption of nitrogen is just a normal mobile 
one. Accordingly the differential heat of adsorption of argon (3.5 kcal/mol) 
is smaller than the value for nitrogen (4.4 kcal/mol). 


Summary 


1, The adsorption of nitrogen molecules on charcoal at temperatures 
between — 80° C and 0° C leads to the formation of a two-dimensional 
gas. The nitrogen molecules move freely over the surface and have not 
lost their freedom of rotation. 


2. At higher temperatures the adsorbed nitrogen molecules have an 
additional degree of freedom, their vibration with respect to the charcoal 
surface as a whole contributes somewhat to entropy. They, therefore, 
show a certain degree of super-mobility. 


3. At low temperatures — down to 84° K — and at high degrees 
of occupation, there is a certain restriction of the free translation of the 
nitrogen molecules over the surface. The rotation of the molecules, how- 
ever, is not hindered. There is, therefore, no mutual orientation. 
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Summary 


Evidence is presented that nuclear substituents may strongly affect 
the reactivity of side-chains in alkylbenzenes towards free radicals. 
Electron-releasing groups facilitate hydrogen abstraction, whereas elec- 
tron-attracting substituents cause reactivity to be lower than that of 
the unsubstituted hydrocarbon. The effects become increasingly important 
in the series CCl,., Br., succinimidyl ((CH,CO),N.), i.e. in the order of 
increasing electronegativities of the attacking radicals. They obey a 
Hammett rho-sigma relation with 9 ~ 0.0, — 1.0; and — 1.5,, respectively. 


Introduction 


In most free-radical reactions the strengths of the bonds to be broken 
and formed are decisive with respect to relative reactivities of compounds 
towards the same attacking radical [1]. The influence of polar factors, 
which plays such an important part in ionic-type organic reactions [2], 
is, however, less clear. In hydrogen abstractions by free radicals the 
existence of polar factors even forms a controversial subject. Thus, in 
isobutyric acid methyl radicals remove the loosely bound tertiary H- 
atoms [3], while chlorine atoms mainly attack the primary C—H bonds [4]: 


HO HC. 
(1) -CH, + CH-COOH -—> C-COOH + CH, 
H,C H,C 
HC. HC. 
(2) Cl+ — YCH-COOH > ) CH-COOH + HCl 
H,C H,C: 


Explanations of this and related phenomena have been suggested on the 
basis of: 
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a) a rearrangement of the original radical [5] 
b) a difference in mechanism [6] 

c) statistic and steric arguments [7] 

d) the different electronegativities of the attacking radicals [8]. 


So far, however, definite evidence as regards these viewpoints or, more 
generally, the occurrence of polar effects in hydrogen removal by free 
radicals, was not available. As part of our investigations on the reactivity 
of alpha methylenic groups in alkylbenzenes and olefins towards free 
radicals [9] we have approached the above problem by a study of sub- 
stituent effects on the reactivity of side-chains in alkylbenzenes. The 
present communication deals with the relative reactivities of substituted 
toluenes towards succinimidyl radicals ((CH,CO),N.) as well as towards 
bromine atoms. Some experiments were also made with trichloromethyl 
radicals, using substituted isopropyl-benzenes. 


$1. Relative reactivities of toluenes towards succinimidyl radicals 


The bromination of side-chains in aromatics by means of N-bromo- 
succinimide [10] proceeds by the following chain-mechanism first suggested 
by BLoomFigeLp [11]: (Su. = succinimidyl radical; H—Su = succinimide; 
Br—Su = N-bromosuccinimide) 


peroxides, 
(3) Br-Su ——— ‘su. 
light 
ky 
(4) Su. + C,H,CH, ————> O,H,CH,- (benzyl radical) + H-Su 
a k; 
(5) C,H;CH,- + Br-Su ————— C,H,CH,Br (benzyl bromide) + Su. 


The termination mechanism has not been definitely established. In view 
of the large overall kinetic chain length observed in these reactions, 
the rates of (4) and (5) will be practically the same. Since the overall 
bromination rate will depend on the rates of initiation and termination 
as well as on those of (4) and (5), a comparison of these overall rates 
does not provide the information required as to the relative rates of 
hydrogen abstraction (4) for different toluenes. Consequently, recourse 
was had to competitive brominations, using a mixture of a substituted 
toluene (TX) and toluene (T). The ratio of the rates of formation of the 
corresponding benzyl bromides (TX Br and TBr, respectively) is then given 
bivk ; 

(6) d TXBr _ k{X.(Su.) (TX)—TXBr) 


aiTBr  «& a a7 


r .(Su.) (T,—TBr) 


In this equation, kT* and kT are the rate constants of (4) for TX and 
T, respectively, while TX, and Ty are the intakes of the two toluenes. 


ant 


All amounts are expressed in millimols. The equation depends on the 
assumptions that the rates of (4) and (5) are equal and that neither 
formation of benzal bromides (X-C,H,CHBr,) nor other reactions are 
kinetically important. Integration of (6) gives: 


(7) Ky, = kfX/k? = In (1 —a)/In (1 —b) = log (1 —a)/log (1 —b) 


Here, Ky represents the reactivity of the methyl group in a substituted 
toluene with respect to hydrogen abstraction by a succinimidyl radical, 
relative to that of the methyl group in toluene; a and b are the fractions 
of TX and T, respectively, which are converted into the corresponding 
benzyl bromides. 


The syntheses of substituted toluenes were carried out by standard procedures. 
Brominations were performed in an excess of analytical grade carbon tetrachloride 
at reflux temperature (80° C), using about 1000 ml per 0.5 mol of the combined 
toluenes. Only 0.3 mol of N-bromosuccinimide (99.8 % purity according to iodometric 
titration) was used per mol of the toluenes in order to minimize formation of benzal 
bromides. Following Forp and Warers [11], 2.2'-azo-isobutyronitrile (4% 
molar on toluenes) was used as initiator. Reaction time 24 hours, after which 
cooling and filtration afforded practically the theoretical amount of succinimide. 
The amounts of benzyl bromides were determined by efficient fractionations, using 
small corrections based on bromine contents for intermediate fractions; balances 
of brominated materials were close to 100 % of theory based on the intake of 
bromoimide. Control experiments with each separate toluene gave actual yields 
of benzyl bromides better than 95 % of theory. Total bromine contents and bromine 
in side-chains — determined by alkaline saponification — tallied within the 
experimental errors, indicating the absence of nuclear bromination under our 
experimental conditions. Physical constants of benzyl bromides agreed with literature 
data for these compounds. Benzal bromides could not be detected. These results 
therefore strongly support the assumptions made above in deriving (6) and (7). 
The use of carefully dried reagents — particularly the N-bromosuccinimide — 
and low concentrations appeared to be essential in obtaining reproducible results 
and avoiding formation of dark-coloured by-products; tarry materials were practically 
absent in all cases. 


The results of the K, determinations are given in the table below, 
together with those of the experiments to be discussed in the following 
sections. 


§ 2. Relative reactivities of toluenes towards bromine atoms 


Side-chain brominations with bromine proceed by a mechanism similar 
to that discussed above [12]. The ratio K,, of the rate constants of the 
hydrogen abstractions (analogous to (4)) may be calculated from an 
equation similar to (7). Procedures were nearly identical to those with 
N-bromosuccinimide, except that dry bromine in CCl, was slowly added 
in the course of two hours. Again, total bromides were close to 100 % 
of the theory and nuclear bromination was absent. 
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§ 3. Relative reactivities of substituted isopropylbenzenes towards CCl, 
radicals 


Reactivity values K, were determined for each cumene by means of 
the retardation method described in part I of this series [9]. The ratios 
Kea, of the K, values for substituted and unsubstituted cumene at 


91° C are given in the table. 


Substituent influences on side-chain reactivities towards various radicals 


F Ky (80° C) Kp, (80° C) Koa, (91° C) 

Substituent | (a) (a) (b) 
PACECKTMINRy Go oO Go c < 0.02 (c) -- | — 
(O2N@OBe o 8 o 6 6 Go 0.05 0.11 = 
TiTPINKOR, 1525. GD ip) Yong) 0.08 0.17 — 
gra Cy Nine Preuiepenery vote aus ara ws 0.11 - — 
MeCN ee hey vse sate ae os 0.14 0.22 0.94 
jOCOXONE Ie Gs Ge a ee oe 0.22 (c) _ 1.04 
LATO Di aey Goes, Aawes, concen 0.24 0.37 — 
iim OOOlsl 5s og to = 0.30 (c) -— = 
ier O\lebe aha oe 5 6 © 0.75 ~~ — 
ous lowlidls 6 oo 6 5 2.0 | 1.5 — 
DLOCH eae le ol mech pe 9.0 6.0 — 


a) Mean values from two determinations with different molar intake ratios of 
the two toluenes; deviations from this mean value were below 10 %. 

b) K, values from at least 3 determinations at different retarder concentrations. 

c) Single experiments. 
Substituted benzyl bromide not isolated; amount determined from bromine 
content (total and side-chain) of distillation residues (= substituted toluene 
plus substituted benzyl bromide). 


§4. Discussion 


Substituents appear to have a pronounced effect on side-chain reactivities. 
The sequence of the effects is seen to be similar to that obtaining in ionic 
reactions requiring a high electron density at the site of attack, e.g. 
nuclear brominations and nitrations. Thus, electron-withdrawing groups 
cause a decrease of reactivity, whereas electron-releasing groups lead to 
a greater reactivity than in the unsubstituted compound. 

The effects are more important in reactions with succinimidyl radicals 
than with bromine atoms, while being negligible in reactions with CCl, 
radicals. This sequence is the same as that of decreasing electronegativities ; 
thus, according to Pavxre’s electronegativity scale [13] N = 3.0, 
Br = 2.8 and C = 2.5, ; 

Since all reactions involve either unsubstituted or m- and p-substituted 
compounds, we may expect entropy differences to be the same in each 
series of reactions. In agreement with this, the logarithms of Ky and Kg, 
were found to obey a Hammett rho-sigma relation [14]: 


=03°-02-0 0 01 0203 04 05 06 07 08 09 10 c 
Fig. 1. Plots of log Ky, log Kp, and log Kgq, vs. Hammett’s o values 1) 


1) From the dissociation constants of benzoic acids [14]. For p-COOH we used 
the value 0.39 calculated from the dissociation constants of benzoic, isophthalic 
and terephthalic acid reported by Kun and WasspRMANN (Helv. chim, Acta, 
11, 44 (1948)). For p-CN and m-CN we used the recent values 0.66 and 0.61, respective- 
ly, which were reported by Ropertrs and MCELHILL (J. Am. Chem. Soc. 72, 628 


(1950)). 
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According to the Hammerr equation, log k/ky»= ge, in which k/ky represents the 
ratio of the rate constants for a substituted and an unsubstituted benzene derivative 
towards the same reagent. g is a constant characteristic for the reaction and its 
conditions, o is a constant depending on the substituent only. The latter were 
obtained by Hammerr by putting g=1.000 for the dissociation constants of benzoic 
acids in water at 25° C. The equation depends, among other things, on the assump- 
tion that activation entropies will be the same for the substituted and unsubstituted 
compounds. It often fails for ortho-substituted compounds. 


The @ values obtained as the mean slopes determined by the method 
of least squares are — 1.5, and — 1.0; for succinimidyl radicals and 
bromine atoms, respectively. The points for p-OCH, were neglected 
in view of their large deviations. 

Tt should be noted that the marked dependence of substituent influences 
on the nature of the attacking radicals precludes an interpretation based 
on differences in bond strengths — with the possible exception of the 
p — OCH, substituent. Moreover, recent data on dissociation energies 
of C — H bonds in the methyl groups of toluene, the xylenes and fluoroto- 
luenes [15] as well as of C — Br bonds in various substituted benzyl 
bromides [16] indicate that both positive and negative groups have either 
no effect or cause a slight loosening. 

As far as we are aware, the present results constitute the first un- 
ambiguous evidence for polar effects in hydrogen abstractions by free 
radicals.') They support Mayo and WALLING’s suggestions as regards the 
“acceptor” properties of strongly electronegative radicals [8] such as 
chlorine atoms. Thus, in the reactions with isobutyric acid ((1) and (2)), 
the bond strength factor predominates in (1) because of the low electro- 
negativity of the methyl radical; in (2) the polar factor, i.e. the proximity 
of the COOH group, outweighs the bond strength factor. Similar reversals 
may occur even for reactions with Cl and Br atoms in those cases where 
the polar factor becomes very pronounced (cf. ref. 7); with extremely 
electronegative radicals such as alkylperoxy (RO,.) or alkoxy (RO.), 
which play an important part in autoxidations, polar effects should 
often predominate over bond strength factors. Further, the above suggests 
that electron-withdrawing substituents should have an accelerating 
effect in reactions of electropositive radicals such as sodium atoms. In- 
dications that this is actually the case were obtained in gas-phase 
reactions of sodium with alkylhalides [17]. 


*) After this paper had been submitted, we became aware of the work of 
WALLING and McE uri (J. Am. Chem, Soc. 73, 1927 (1951)) on the competitive 
autoxidation of substituted benzaldehydes. From kinetic analyses of these 
complicated systems the authors concluded that hydrogen removal from the 
CHO group by acylperoxy radicale (R—C—OO.) obeys Hammett rho-sigma 

I 

O 
relations with negative values of g. No data are available, however, on the 
C--H bond strengths in substituted benzaldehydes. 
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In view of the substituent effects observed in the free-radical addition 
polymerisation of substituted styrenes [18] as well as in the homolytic 
dissociation of benzoyl peroxides [19] and tetrazanes [20], the present 
results provide a further argument for believing that no fundamental 
difference exists between substituent influences on chemical reactivity 
in homolytic and heterolytic processes. 

An interpretation of the nature of the polar effects observed as well 
as experimental details will be discussed elsewhere. 
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HYDROLOGY 


A THEORETICAL APPROACH TO THE PROBLEM OF 
ENCROACHING AND BY-PASSING EDGE WATER !) 


BY 
D. N. DIETZ 
(N.V. de Bataafsche Petroleum Mi.) 


(Communicated by Prof. J. Tu. Turssse at the meeting of November 29, 1952) 


Introduction 


Oil production from underground reservoirs is generally caused by 
one or more of the following phenomena: 

Depletion 

The volumes produced are replaced through expansion of the remaining 
oil and the liberation of gas from solution in this oil. 


Gas cap drive 
Replacement through expansion of a gas cap. 


Water drive 

Replacement by encroaching water caused by either expansion of 
a large water accumulation or seepage from the surface. 

This study investigates certain aspects of the manner in which oil 
may be displaced by water. The subject is of practical importance because 
it affects the fraction of the total oil in place that can be produced. 


1. Summary 

In water drive fields where the reservoir fluid is more viscous than the 
encroaching water, the water tends to by-pass the oil, flowing to the 
producing wells. At low rates of flow this tendency is checked by the 
difference in specific gravity, which strives to keep the oil-water level 
horizontal, so that an equilibrium will result with the interface remaining 
at a constant slope which moves updip through the formation. This has 
been illustrated by small scale model experiments, the results of which 
are presented in fig. la. Above the so-called critical rate of flow such 
equilibrium is not possible, a “water tongue” will penetrate into the 


1) The theory described in this study has been applied to the Schoonebeek 
Field for several years and was preliminary summarized in a students’ yearbook: 
“1948-1949 Jaarboek der Mijnbouwkundige Vereniging — Delft” in an article by 
two young engineers on a training course in this field entitled : ““Enkele beschouwingen 
over het aardolieveld Schoonebeek.” 


84 
oil bearing formation and the well will start producing water with the 
oil at an early stage (see fig. 1b). The water percentage in the fluid 


produced will increase until operation of the wells is no longer economical, 
when the field, with the remaining oil left underground, will be abandoned. 


Critical rate 0.0070 1n?/day 


v ait wees 


A) 
: te = 
production Lee) 


Fig. 1. Small scale model experiments on water encroachment. 
a. below the critical rate. 


b. above the critical rate. 


If the critical rate turns out moderately high it will be economically 
feasible to maintain a production below it, in order to obtain a higher 
ultimate recovery and lower dehydration costs. In other cases the critical 
rate will be below any commercial figure and the consequences of exceeding 
it are unavoidable, but should be studied carefully. 

In the following a two-dimensional mathematical analysis of water 
encroachment in a monoclinal field is presented. Formulae are derived 
to determine the value of the critical rate and to predict the development 
of a water tongue in the case of the critical rate being exceeded. 


2. Critical rate 


If in a water drive: field the oil is produced at a slow enough rate, the 
difference in specific gravity will counterbalance the effect of the difference 
in viscosity and prevent the water from by-passing the oil. Consequently 
all liquid will move at the same velocity v. 

The water encroachment on a monoclinal flank can be studied in a 
representative cross section of the field and the problem is therefore 
reduced to one of two dimensions. 

A sharp interface, rather than a transition zone, 1S assumed between 
the oil bearing and the flooded part of the formation. No pressure drop 
is assumed across the interface, although a constant one might have been 
introduced without affecting results. The water and the oil will be 
considered incompressible. The absolute permeability is assumed constant 
throughout the formation. 
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Then from fig. 2 it can be seen that: 


a 


Fig. 2. Sketch of cross-section through layer and watertongue. 


(1) at A po(A) = p,(A) = p(A) 
(2) at B p(B) = p(A) — @,g cos a dy 
(3) at Cp (C) = p(A) — 90g sin ade + 22 da 
at D p(D) = py) (D) = p(A) — og sin a da + a da — 
(4) O99 cos ady = p,,(D) = p(A) — eg cos ady — 
0,g sin adx + a dx 
where 
p = pressure 


0,, = density of the water (mass per unit volume) 

0, = density of the oil (mass per unit volume) 

g =gravity constant 

a =dip of the pay zone 

x = coordinate in the direction of the bedding of the pay zone 
y = coordinate perpendicular to pay zone 
P, = flow potential in the oil 
P_, = flow potential in the water 


The two expressions for p(D) yield the equation 


; OF ay oP 
(5)  — g (0 —0») cos ady +g(@ —y) sin adx = ( = st) de 
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Darcy’s law is expressed by 


oP be Ole a re 
(6) = va aoe and (7) — = ie 
lL, = viscosity of the water 
fy = viscosity of the oil 
k, = effective permeability to water 
k, = effective permeability to oil 
so that 

dy ia LHw 

(8) J (Ow — Co) (tan a + ) COs! G— (Zz -- Fe) v 


Since here v is assumed to be constant dy/da is constant and the 
interface will be a straight line. For y,/k, = y,,/k,, it follows that 
dy/d~ = — tan a and the interface will stay horizontal. If u,/k, > u,,/k,, 
then dy/d~ > —tan a. The limiting condition for the possibility of a 
constant velocity v in both oil and water is given by dy/dx = 0. Therefore, 
the maximum rate of production under such conditions will be given by: 


hg (Qw—Qo) Sina 


9 TOE Ii ye ee ee 
( ) Teritical Veritical ( ae / ko) = ( Hes / kw) 
where 

q =rate of inflow per unit width 


h =thickness of the formation. 


3. Mathematical analysis of the movement of the interface at a production 
above the critical rate 


a. Simplified formula for cross section of water tongue 

To obtain a mathematical solution to the problem it is necessary to 
make certain simplifications concerning field conditions. Besides the 
suppositions of chapter 2 the gradient of the flow potential is assumed 
to be in the direction of the dip of the layer. Also insofar as the water 
encroachment has an unstable character this is assumed for the time 
being not to manifest itself in the third dimension. 

Formula (5) from chapter 2 is valid for these assumptions. 


(5) 9 @w—e9) 008 dy +9 (2 ~ gu) sin ade = (*E# 228) de 

But with the break-through of water both liquids no longer flow with 
the same velocity as they did in the case discussed in that chapter. 
Darcy’s law is now expressed in the two formulae: 


Yk Olean 
Hw ow 


(10) (11) %=- (h—y) ko Po 


Mo ow 


eae ae 
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The equation of continuity, which, in the previous chapter, consisted 
simply of the assumption of a constant velocity v in both liquids, becomes: 


(12) Tw + 4%, = (independent of x) 
Formulae (5), (10), (11) and (12) give 


\ 2 — tam a — lt) ula) — (oa 0—) ol) _ 
oa Sa 
(13) : J \e 20 
a ko J (@w—Qo) COS a Le, y cn h—y de | 
when 
(14) a = tote 


Kw Uo 
Differentiating (13) with respect to a yields 


Ko GJ(Qw—0o) COSa PY _ fl oy Es = Paral 
- \ Ho dat (hy) da Ly® = (h—y)? 
(15) 
eet ere 
\ 10 Xx y h—y/ oo 


At this stage the equation of continuity in connection with time 
(see fig. 3) is introduced. 


(16) ste — — fost 


Fig. 3. Imustration of the equation of continuity. 


where 

f = porosity 

s = difference of saturation in the oil-bearing and waterflooded regions 
i = time, 


which reduces formula (15) to 


ko Gg (Qw—Oo) Cosa dy q Soe Siete oy 
\ ie oa c=: +| y? — (h—y)? | de | on 
(17) | 
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The unknown in the right hand side, q¢,,, may be expressed by: 
cl) ey 
To = 1 Taji) h—y)} + oloay a (hy) FY 
This value is not absolutely accurate and should therefore not be 
used in equation (13), which has to be differentiated. However, when 
not differentiated, it gives a very close approximation and therefore can 
be safely used in formula (17): 


(18) 


ko 9 (Qw—O0) cosa Oy =|4 1 7 +{4 |. 
WAY 


ie Ve? ogy 


eo 4 r) a 1 04 
eae 
In order to express y as a function of x and ¢, this partial differential 
equation of the second order should be solved. This would involve 
mathematical difficulties. It is fortunate therefore, that in many cases 
(where the rate of production is at least several times the critical one) 
the left hand side of this equation may be neglected 1). In those cases 
the shape of the water penetration is a thin elongated tongue and therefore 
the curvature of the interface, as expressed by 6?y/6x?, is extremely small. 
Applying the rule 


dw) sy /dt) 
(20) (, ~ — (dy/dx)¢ 


it follows that 


U {a(h—y) +y} fs 
This formula gives the updip velocity of the water front at a certain 
fixed value of y. Putting y = 0 gives the velocity with which the extreme 
tip of the water tongue moves along the bottom of the formation: 
(22) (=) eae he 
w/y=0 &@ Afs 


whilst the 100 % water line moves along the top of the formation at a 
rate equal to 


1 : : aoe: 2 : 

) See under b. for a further discussion of this simplification. 
x ‘ : ; . 

) A simpler way to arrive at this formula is as follows: 


(21) OG ah qd 2) 


oe __Ry/t) _ 1 (qw/%e)t 1 Aw «LD ] 
ot Qy/dx) fs Qy/de), fs oy fs yt a(h—y) ty 
2 8-9) yy hs) =e ah 
fs {a(h—y)+y}? fs {a(h—y)+y}? 


However, by differentiating an approximate value such as 
¥ 
a(h—y)+y’ 


: be a ty ‘ : 
one cannot judge the accuracy of the result as easily as with the method shown above. 


Iw ~~ 


— 7 
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Before production starts, that is before t = 0, the interface must be 
horizontal and can be expressed by 


(24) ees 


Ce 
(¢=0) tan a 


and at a time ¢ 


hae Be i ae ee 
a as [ ot dt = ee ere 
0 


nt 62 ee 
(25) wer tana a [a(h —y) + y]? fs 


where 
@ = cumulative inflow per unit width. 


This shows that, in the first approximation, the shape of the water 
tongue does not depend on the difference in density of oil and water, 
gravity or the rate of production, but only on the constant a (which 
is called the mobility ratio and is equal to (k, w,,)/(K,, M)), the cumulative 
production and to some extend on the dip of the producing formation. 
The fact that the left hand side of equation (19) may be neglected means 
that gravity effects are negligible at the rates of production under 
consideration. For such cases the conclusion, drawn above from equation 
(25), that only the cumulative production is important can be more 
easily understood. 


b. Maximum value of correction term 


If the left hand side of equation (19) were retained the solution would 
run 


(21a) Be ah 4G keg (Qw— 00) cosa _y(h—y) _ (2*y/dx*) 
+ % = [a(h—y) +]? fs Mo fs a(h—y)+y (dy/dx) 


The additional term cannot be determined explicitly because it contains 
x, but as it is only a correction term it is permissible to calculate it from 
the uncorrected solution of formula (21). Now from formula (25), which 
is the integral of formula (21), it is found that 


: _f-l 2ah(l—a) Q 
(25a) des = | ra ~ Tathav tue el Y 
6) 
Pe peel seek ita) 8 | * 
(21b) a! For ~ fa(h—y) +y} fs. 
As 
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it follows that 
(d2y/dx?) 0 OY —l 2ah(l1—a) Q)]-?_ 6 ah(1—a)?_ Q 
(21d) Qy/de) dy du ~ Ltana f{a(h—y)+y} fs {a(h—y)+y}4 fs’ 


which can be substituted into (2la), thus giving a first approximation 
of the correction. 

It can be seen that the curve of the interface is straightened by the 
correction term, therefore the value given by formula (21d) may be 
regarded as a maximum limit. With the help of (21d) the maximum 
possible value of the second term on the right hand side of equation 
(21a) can be determined for any value of y and this value compared 
to the first term of the right hand side. This will make it possible to check 
how far it is permissible to neglect the second term and with it the 
influence of gravity and rate of production, etc. It may be noted that 
for y = 0 and y = h the product y (h-y) becomes zero and the influence 
of the second term disappears. 


c. Magnitude of flow potentials 


In connection with depletion problems it may be important to know 
more about the flow potentials which have been eliminated at the beginning 
of this chapter. For this purpose the minor differences between the flow 
potential in the oil and water may be disregarded. In this case (10), (11) 
and (12) yield 


_ (_ ykw ain oP ik | : oP 
(26) Ue ( i. i a ene [y +a (h—y)] = 
and so 
oP Ghw 1 
9 cies See 
2) ox kw yta(h—y) 


Usually it is desired to know the difference between the potentials at 
two points 1 and 2. 


y wy 

oP Bae Wie dx 
28 Py Piles | oe dai mee Se 
( ) 1 f 2 ow kw © y +a(h—y) 


Hy 


Lg 


To calculate the integral, dx can be expressed in terms of y by 
differentiating formula (25): 


2 Fest! 2ah(l—a) Q 
(29) dx =| - {a(h—y) + y} 5 | dy 
which reduces formula (28) to 


VA 


P, 2 ie — : il | | dy _2ah(1l—a)Q Ee ee of 
w LtanaJ y+a(h—y) fs {a(h—y) + + y}4 
Ve 


Va 


- V1 WU 
_ Iw ' 1 i d{(l—a)y +ah} 2ahQ : d{(l—a) y+ ah} 
ky L(l—a) tan a (l—a)y+ah fs | {(l1—a) y+ ah}4 J* 


Va 2 
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k w x 


w Pinfy+a(h—y)} 2ahQ 1 " 
30 Piven Sew OAY 2 hy vaacih Os ty Bars Sak el 
(30) 1 2 [ (1—a) tana 3fs {y-ta mail 


Va 
and when the potentials are compared with those at the boundary of 
the oilfield — as will often be the case — y, becomes h and 


31) P.—pP — Ue ( 1 h _ 2ahQ Lo 1 ) 
fae 2 2 Kw ieaeue pashan Bye E ae eer 


4. Applications 
a. Estimation of water production rates 


For the exploitation of a field it is sometimes necessary to estimate 
when and how certain wells will turn to water. Formulae (18) and (25) 
can form the basis of such an estimate. 


b. Reserve estimates 


The economic limit of a well can be expressed as the maximum water 
percentage with which it can still be economically operated. When the 
structurally highest wells of the field have reached their economic limit, 
then the field will generally have reached its ultimate production. From 
formula (18) the thickness of the water tongue at those wells, with 
coordinate x,..,, will be known. With this value, signified by y,.4,, 9 
can be calculated with the help of formula (25). Also — by integrating 
the content of the water tongue — the subsurface volume of the oil 
driven out (Q,) can be found as follows (see fig. 4): 


h 


18 Yeo. im. oa + ee. i.) +18 | Azdy = 


2 tana 


Y ec. lim. 


(32) Yee. lim ; ah Q 
; — fs Yee. lim. * (ae Sy 2 tan ») ay fs | [a(h—y) + y]}? fs dy a 
Yec, lim, 
= = Yee. lim. —Qah 1 y 
= Go = 18 Yoo, tm. * (ss ¥ ares + Ta a(h—y) Fy | veo. tim 


As Q denotes the total fluid produced per unit length of the block the 
cumulative amount of water produced at the end of the life of the field 
can be found by subtracting Q) from Q. 


c. Depletion estimates 


Water tonguing will only occur in fields with a highly viscous oil and 
such an oil will usually not contain much gas, therefore production by 
depletion may be small. Therefore it seems justified to compute the 
flow in connection with the water tongue assuming that the oil behaves 
as an incompressible fluid. 

In order to make a correction to the recovery estimated from water 
drive only, it is possible to calculate an additional figure for the production 
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by depletion. Formula (31) will give the pressures that are needed for 


this purpose. 


q 
Original watertable 


Fig. 4. Volume of the oil driven out by the watertongue. 


5. The resistance presented by the intermediate zone between oil and water 


The assumption that the oil water boundary may be considered as a 
sharp interface will not always be justified. There will be an intermediate 
zone, in which the oil, and water saturations change from those in the 
original oil bearing formation to those in the water-flooded region. In 
this zone the relative permeability will be low for both liquids, so that 
an extra resistance is put up against displacement of the oil-water 
boundary. The microscopic behaviour of the fluids in the intermediate 
zone has been described by BuckiEy and LEvERETT in their article: 
Mechanisin of fluid displacement in sands. Trans. AIME Vol. 146 
pp. 149-158. Their theory will fully describe displacement experiments 
in tubes sufficiently narrow so that variations in a cross-section may be 
disregarded. If on the other hand the displacement is conducted on 
such a large scale that the thickness of the intermediate zone may be 
disregarded, the theory presented in this article would prevail. In the 
intermediate range both mechanisms will be effective simultaneously 
and up to the present no satisfactory mathematical solution has been 
found. The B.P.M. Laboratory in Amsterdam is therefore studying the 
problem from another angle, ic. by scaled model experiments and is 
expected to report on the results in due course. 


PALEONTOLOGY 


LATE EOCENE SMALLER FORAMINIFERA FROM 
CURACAO AND BONAIRE (N.W.1.) 


BY 


C. W. DROOGER 


(Communicated by Prof. G. H. R. von Kornraswatp at the meeting of Nov.29, 1952) 


Abstract: The microfaunal composition is given of samples from the following 
localities: Seroe Mainchi and Kloof (Curacao), and Porta Spafio (Bonaire). These 
faunae are considered to be of about equal, Late Eocene (Jackson), age. Additional 
data are furnished on some of the species of PisperRs, described from Bonaire in 1933. 


Introduction 


The microfaunae of some Upper Eocene deposits in Bonaire were 
described in detail by PiypEers in 1933 [2]. A fairly large number 
of smaller Foraminifera occurred only in samples from a single locality: 
a marl in a well near Porta Spafio, Columbia Plantation. The age deter- 
mination of the other Late Eocene deposits -(a.o. the limestones of Seroe 
Montagne) was mainly based on larger Foraminifera. 

In Curacao the Upper Eocene is known of three localities (see WESTER- 
MANN, [6]). In the earliest known occurrence, the Seroe di Cueba 
limestone, no recognizable smaller Foraminifera were found. This deposit 
is comparable to the limestones of Bonaire, as that of Seroe Montagne. 

From Seroe Mainchi some molluscs were determined by vAN REGTEREN 
ALTENA [3], on which he based an Early Eocene age determination. 
Later ScHaus described a section from the same locality [5]. On the 
base of the microfauna, observed in SCHAUB’s samples, KryzeR concluded 
to a Late Eocene age for ScHAvuB’s Mainchi formation (see ScHAUvB, [5]). 

A third occurrence of about the same age in Curagao was found by 
Scuaus near Kloof. Kryzer observed in the samples an impoverished 
Mainchi fauna of smaller Foraminifera [5]. 

Dr F. G. Kryzer kindly put some of the samples from Seroe Mainchi 
and Kloof, collected by Dr H. P. Scuavus, at my disposal for determination 
of the Foraminifera!). In connection with this the original collection 
of Pispers and some additional material from the well near Porta Spano 
were examined. Finally, a number of samples, collected by Dr J. H. WEs- 
TERMANN (Amsterdam) and Dr P. Wacenaar HumMecincK (Utrecht) 
from these three localities and from Seroe di Cueba and Seroe Montagne 


1) Both Dr Keyzer (Caracas, Venezuela) and Dr Scuaus (Sorong, New Guinea), 
as well as the Bataafsche Petroleum Maatschappij (The Hague), I wish to thank 
for their authorization to publish the results. 
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were looked into, but these appeared to contain only some ill-preserved 


smaller Foraminifera. 


The drawing of the figures in this paper was anabled by a grant from 
the Foundation for Scientific Research in Surinam and the Netherlands 


Antilles, Utrecht. 


Composition and age of the faunae 


The species determined from the samples of Porta Spafio, Seroe Mainchi 


and Kloof are listed below. 


Spiroplectammina nutialli Lalicker 
Vulvulina molengraaffi Pijpers 
Gaudryina bonairensis Pijpers. 
3 jacksonensis Cushman . 
Robulus cf. R. cultratus (Montfort) 
» ef. R. inornatus (dOrbigny) 
os coaledensis Detling. ie Sve 
Planularia thalmanni (Pijpers) and vars. 
8 westermanni (Pijpers) 
Pseudoglandulina radicula (Linné) . 
Nonionella spissa Cushman. 
Giimbelina martina (Pijpers) 
Plectofrondicularia rutteni Pijpers . as 
Buliminellita parva (Cushman and J aris — 
Bulimina lineata Cushman and Stainforth . 
5 jacksonensis Cushman 
A inflata Seguenza . : 
Virgulina danvillensis Howe and Wallace : 
Bolwina alazanensis Cushman : 
» gracilis Cushman and Applin 
»,  jacksonensis Cushman and Applin 
Reussella eocena (Cushman) 
Uvigerina gardnerae Cushman ; 
Siphonodosaria verneuili (d’Orbigny) . 
56 globifera (Batsch) . 
0 soluta (Reuss) . 
Angulogerina molengraaffi Pijpers . 
, muralis (Terquem) 
Discorbis mauricensis Howe and Roberts 
Fy ef. D. havanensis Cushman and Barntdes 
Lamarckina vermunti Pijpers . 
Eponides jacksonensis (Cushman ay Appia), 
BG cocoaensis Cushman . 
Siphonina ef. S. pulchra Cushman 
Baggina thalmanni Pijpers . 
Asterigerina kochi (Pijpers) . 
Cassidulina laevigata a Grains 


‘9 cf. O. californica Cushman mes Trapt 
. ef. C. subglobosa Brady . 3 : 
5p ef. C. moodysensis Cushman and Toda : 


Hantkenina longispina Cushman 


Porta 


Seroe Kloof 


Spano Mainchi 


KK KX 


x 


i a a ae a a a a 
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xX X 


x 
x 


x X XK 


Porta Seroe Kloof 
Spano Mainchi 


Globigerina bulloides d’Orbigny . . . Se alee x x 
25 ouachitaensis Howe and Wallace . x 
= eocaenica Terquem .. . te.) ane ye x 
ie dissimilis Cushman and FSP taeha e ra he « x x 
bee danvillensis Howe and Wallace ..... << x 4 
ae topilensis Cushman . x x 
os decepta Martin . Si x 
Globigerinoides mexicanus (Cushman) Xx 
o ef. G. index Finlay x 
+. pseudodubia (Bandy). . x 
Globorotalia crassata (Cushman) . x 
= cocoaensis Cushman. : x x 
a centralis Cushman and Gkeiwdie x x 
sf lehnert Cushman and Jarvis. . x 
Cibicides mississippiensis (Cushman) x * Xx 
er kallomphalius (Gumbel) . 4 x 
Ruttenia coronaeformis (Pijpers). . x 
Planulina mexicana Cushman < 


On the average the individuals in the fauna from Bonaire are larger 
than the specimens of the corresponding species of the Curasavian 
localities. KEYzER already remarked that the Mainchi formation contained 
a dwarfed microfauna, At Kloof the numbers of species and individuals 
are still further reduced. 

Mainly because of the simple figures most of PIJPERS’ new species 
could not be evaluated by later workers. As much literature was not 
available to him some of his species appear to be identical with others, 
previously described. Unfortunately part of PispErs’ original material 
has got lost since 1933. So, of some of his species insufficient numbers 
of individuals were left for a correct revaluation. 

The following of PispmRs’ new species and varieties are considered to 
be identical with others described earlier: 


Tritaxia schotborghi (= Gaudryina jacksonensis Cushman), 
Nonion hummelincki and N. bonairensis (= Nonionella spissa Cushman), 
Angulogerina macgillavryi (= A. muralis (Terquem)), 
Bolivina advena Cushman var. elongata (= B. gracilis Cushman and Applin), 
os martini (= B. alazanensis Cushman), 
Uvigerina westermanni (= Buliminellita parva (Cushman and Jarvis)), 
Globorotalia bonairensis (= G. cocoaensis Cushman), 
Cibicides americanus (Cushman) var. bonairensis, C. megalocephalus and Dyocibicides 
ruttent (= C. mississippiensis (Cushman)). 


No further details can be given about the following species and 
varieties because of the lack of sufficient material: 


Cristellaria (Planularia) subminuta, 
2” ” kochi, 
ee (Saracenaria) vermunti, 
» Py macgillavryt, 
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Nodosarta radient, : 
(Dentadina) vernewili @Orbigny var. paweieostaia, 
Uvigerina bonairensis, 
anomatina subdadenemsis, 
Of the others of Pursrs’ species new figures are given in the next 
section of this paper. 


As to the age of the three faunae, the assemblages distinctly point 
to a Late Eocene age, as was stated already by Pwrers and KEYzER. 

Among the benthonie species the majority were originally described 
from various localities of the Jackson Eocene in North America. Affinities 
are also apparent with Late Eocene faunae from Ecuador, Trinidad and 
Mexico. Regarding all known stratigraphic ranges of the benthonie species 
together the age determination Early Late Eocene seems to fit the 
samples of all three localities best. 

Very important for stratigraphic correlation are the pelagic Foramini- 
fera, which are abundantly present in the samples from Seroe Mainchi 
and Porta Spaiio. Though in this respect the assemblages are not identical, 
they show distinct similarity. Some peculiarities in them deserve special 
attention, In each assemblage a number of types were recognized, which 
certainly do not represent zoological species, as intermediates between 
several of these types are most common: It is remarkable that in some 
cases it appeared impossible to draw sharp boundaries in intergrading 
morphological series, comprising types commonly referred to the different 
genera Globigerina, Glodigerinoides and Globerotalia. 

In the fauna from Porta Spaiio the types, considered to resemble 
closely the types of earlier described species, belong to two different 
groups. In the first group there are Globigerina bulloides, Globigerina 
eocacnica and Globigerina dissimilis. Probably connected with this group 
are a number of individuals. approaching the types of Globigerinoides 
mexicanus and Globigerinoides index. The second group comprises Globdi- 
gerina danvillensis, Globigerinoides pseudodubia, Globorotalia crassata and 
*loboroialia. cocoaensis. Specimens occur closely resembling the type of 
Globorvialia crassaia, but with some additional apertures as in the genus 
Globigerinoides. Distinct from these two groups and from one another 
are further Globoroialia cenéralis and Globerotalia lehneri. 

In the fauna from Serve Mainchi both groups are again represented. 
In the first group also individuals resembling the type of G@lobigerina 
ouachitaensis were found, whereas, on the other hand, those resembling 
Globigerinoides mexicanus and Globigerinoides index are absent. In the 
second group the central form may be referred to Globigerina topilensis, 
which is accompanied by and grading into types referable to Globigerina 
danvillensis to one side and to Globigerina decepta to the other side. The 
latter again is not clearly separable from Globorotalia cocoaensis. Here 
also Globorofalia centralis is distinctly apart. Globigerinoides-like features 
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were occasionally observed in the second group of pelagic forms in indivi- 
duals referred to Globigerina topilensis. 

In the fauna from Kloof pelagic individuals are rare. They belong 
to an intergrading series with the types of Globigerina danwillensia and 
Globigerina topilensis. 

In connection with the remarks stated above it should be emphasized 
that they are not intended as an evaluation of the species of earlier 
authors. It only means that in intergrading series of individuals, into 
which no distinct morphological groups could be separated, specimens 
were found to be closely resembling the pictured types of these various 
species. 

The obvious difference between the assemblages from Porta Spafio and 
Seroe Mainchi, especially in the second group, may be less distinct than 
it seems to be. The latter fauna is distinetly dwarfed and as such the 
forms referred to the group of Globigerina topilensis may be ecological 
equivalents of that of Globorotalia crassata in the locality of Bonaire. 
As a whole each of the assemblages of pelagic individuals points to 
Late Eocene age of the sediments involved. More exactly, they may 
belong to the basal part of the Upper Eocene. These conclusions are in 
agreement with those obtained from the benthonic species. 

Concerning the relations between the Upper Eocene deposits of Curacao, 
those of Seroe Mainchi and Kloof may well be deeper-water equivalents 
of that of Seroe di Cueba. In this connection it may be pointed out that 
the single representative of larger Foraminifera in Seroe Mainchi, 
Nummulites moodybranchensis (GRAveLL and Hanna) (see Keyzer, [5]), 
is morphologically very close to Nummulites vanderstoki M. G. Porras 
and Vermunt from Seroe di Cueba. Similar relations may exist for the 
deposits of Porta Spafio and Seroe Montagne in Bonaire. Summarizing 
it is safe to conclude that in all five localities we are dealing with about- 
contemporaneous deposits of the Upper Eocene. Possible minor differences 
in age cannot be established on the base of the foraminiferal faunae. 


Remarks on some of the species 


A number of data are added to some of the good descriptions of Purzzs. 
Part of his new species are clarified by new figures. 

Thanks are due to Miss Rurn Topp (Washington, D.C.) and Dr RB. M. 
SrarsvortuH (Talara, Peru) for their collaboration, which enabled the 
correct determination of some of the species. 


Vulvulina molengraaffi Pusrens 
Textfig. 1 
Vulvulina molengrooffi Purers, 1933, Geogr. Geol. Meded. Utrecht, Phys. Geol. 
Reeks, no. 8, p. 57, f. 14-19. 
This species may be distinguished from others of the genus Vulvulina, 
belonging to the group of V. advena Cusuman and V. pennatula (Batscx), 
7 Series B 
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Fig. 4 Fig. 5 


Vulvulina molengraafi Pisprrs. Lectotype. Porta Spaio, Bonaire. Side 
view; x 33. 


Gaudryina bonairensis PispmRs. Lectotype. Porta Spaiio, Bonaire. a. side 
view; b. apertural view; x 50. 


Planularia westermanni (PispERs). Lectotype. Porta Spano, Bonaire. 
Side view; x 65. 


Giimbelina martini (PisPpERS), Porta Spano, Bonaire. a. side view; 
b. apertural view; x 120. 


Pleetofrondicularia ruttent Prspers. Lectotype. Porta Spafio, Bonaire. 
Side view; x 50. 
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by the distinct median ridge and the flat sides of the biserial portion 
of the test. 


Gaudryina bonairensis PIsPERS 
Textfig. 2a, b 


Gaudryina bonairensis PispERS, 1933, Geogr. Geol. Meded. Utrecht, Phys. Geol. 
Reeks, no. 8, p. 59, f. 20, 21. 


This species somewhat resembles G. trinitatensis Nurrauu, which, 
however, has a relatively longer triserial part and a less angular biserial 
portion of the test. 


Planularia thalmanni (PIJPERS) 
Pl. 1, fig. 1 


Cristellaria (Planularia) thalmanni PispErs, 1933, Geogr. Geol. Meded. Utrecht, 
Phys. Geol. Reeks, no. 8, p. 60, f. 27-29. 


PIJPERS gave a good description of this species, as well as of its 
accompanying variants: var. portaspanoensis PIsPERS (p. 60, f. 30) and 
var. costata PIJPERS (p. 60, f. 31). The sack-like structures close to the 
periphery, the number of which is not strictly five, are backward extensions 
of the chamber-cavities alongside of the earlier protruding apertural necks. 


Planularia westermanni (PIJPERS) 
Pextics Ss 


Cristellaria (Planularia) westermanni PIsPERS, 1933, Geogr. Geol. Meded. Utrecht, 
Phys. Geol. Reeks, no. 8, p. 61, f. 39, 40. 

Robulus westermanni (PIJPERS), BANDY, 1949, Bull. Amer. Paleont., vol. 32, no. 131, 
D 64-pl OS El: 


In the later chambers the peripheral keel is accompanied by a faint 
additional ridge to either side, which ridges coalesce in the earlier 
chambers. Sometimes these supplementary ridges are lacking, in which 
cases the individuals closely resemble the one pictured by Banpy. In 
most specimens the earlier whorls cannot be seen on account of an 
excess of shell material in the centre of the test. 


Nonionella spissa CUSHMAN 


Nonionella hantkeni (COSHMAN and APPLIN) var. spissa CuSHMAN 1931, Contrib. 
Cushman Lab. Foram. Res., vol. 7, p. 58, pl. 7, f. 13; CusHman, 1939, U.S. Geol. 
Survey, Prof. Paper 191, p. 30, pl. 8, f. 5. 

Nonion hummelincki Pispers, 1933, Geogr. Geol. Meded. Utrecht, Phys. Geol. 
Reeks, no. 8, p. 66, f. 71-73. 


This is one of the more common components of the Seroe Mainchi 
fauna, in which it shows considerable variation in most of its features, 
as for instance in the numbers of chambers in the final convolution, 
which range from 7 to nearly 12. This is largely independent of the size 
of the individuals. Comparing them with the original material from 
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Bonaire it appears very likely that also Vonion bonairensis PIsPERS, 


Nonion wnbilicatulus PrvPERs (non MontTacv) and possibly even Anomalina 
subbadenensis P1sPERS belong to Nonionella spissa. 


viimbelina martini (PIJPERS) 
Pl. 1, fig. 2; textfig. 4a, b 
Textularia martini Pipers, 1933, Geogr. Geol. Meded. Utrecht, Phys. Geol. Reeks, 


no. 8, p. 57, f. 6-10. 
Jiimbelina goodwini CusHMAN and Jarvis, 1933, Contrib. Cushman Lab. Foram. 


Res., vol. 9, p. 69, pl. 7, f 15, 16, 
Giimbelina venezuelana Nutrary, 1935, Journ. Pal., vol. 9, p. 126, pl. 15, & 2-4. 
Giimbelina mauriciana Hower and Roperts, 1939, Louis. Dept. Conserv., Geol. 
Survey, Geol. Bull. no. 14, p. 62, pl. 8, f 9-11. 


This is a common species in all three Upper Eocene deposits of the 
Lesser Antilles, discussed here. Of the types of the large number of 
described Gimbelina-species, those of the above cited references seem 
to be fully within the range of variation of our specimens. As PIJPERS’ 
paper appeared in January 1933 his specific name has priority over that 
of CusHMAN and Jarvis, published later in the year. 


Plectofrondicularia ruttenit PIJPERS 
Textfig. 5 


Plectofrondicularia rutieni PiyPers, 1933, Geogr. Geol. Meded. Utrecht, Phys. 
Geol. Reeks, no. 8, p. 66, f. 74, 75. 


Regarding the description and figure of P. vokesi CUSHMAN, STEWART 
and Stewart from the Upper Eocene of Oregon only slight differences 
with PiyPERs’ species were noted. In P. vokesi the final uniserial chambers 
may be relatively somewhat higher. 


Buliminellita parva (CUSHMAN and JARvIs) 
Pl. 1, fig. 3 
Uvigerinella parva CUSHMAN and Jarvis, 1929, Contrib. Cushman Lab. Foram. 


Res., vol. 5, p. 12, pl. 3, £. 7. 
Uvigerina westermanni -PisPERS, 1933, Geogr. Geol. Meded. Utrecht, Phys. Geol. 
Reeks, no. 8, p. 69, f. 93, 94. } 
Buliminellita mirifica CUsHMAN and StarxrortH, 1947, Contrib. Cushman Lab. 
Foram. Res., vol. 23, p. 78, pl. 17, f 6-8; CusHMan and Srarrorts, 1951, 
Journ. Pal., vol. 25, p. 151, pl. 26, f 37-39. 


Studying the specimens from Seroe Mainchi and Porta Spano a distinct 
similarity was noted between Pispers’ Uvigerina westermanni and B. 
mirifica from the Upper Eocene Seca formation of Ecuador. Suites of 
specimens from Ecuador and the Lesser Antilles were compared by 
Dr StTarNrorTH and myself and no differences of specific rank could 
be noted. In each suite a considerable variation is seen in size, proportions 
and degree of development of the terminal aperture. The Bousdorian 
specimens are on the average larger than those from the other two 
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localities. Identical variants can readily be found in all three assemblages, 
however. 

Moreover, Miss Ruta Topp kindly compared the types of B. mirifica 
and Uvigerinella parva, and gave the following comments (personal 
communication to STAINFORTH): “Besides the three figured specimens of 
B. mirifiea there are ten others in the paratype slide. Six of these have 
the apertural neck and four have the loop-shaped aperture as described 
for the early stages. Among the ten specimens of Uvigerinella parva 
(the holotype and nine paratypes) all but two show the apertural neck 
well. Of the two, one is broken and the other too obscure to make out. 
Comparing the two species they appear identical. There is a slight 
roughening of the wall in U. parva that may be due to different preserva- 
tion. I am unable to make out the striations mentioned in the original 
description of U. parva’. 

It seems from the foregoing that both B. mirifica and Uvigerina 
westermanni should be referred to as Buliminellita parva (CUSHMAN 
and Jarvis). The name mirifica will remain valid in designating the type 
species, viz. Genus Buliminellita CUSHMAN and STAtNrortTH, 1947; type 
species B. mirifica CUSHMAN and STAINFORTH (= B. parva (CUSHMAN 
and JARVIS)). 

The above remarks are partly taken from personal communications 
of Dr SraryrortH, who authorized me to publish the results of his 
observations. 


Angulogerina molengraaffi PIsPERS 
PISS ie. Aa, 6 

Angulogerina molengraafi PisppErs, 1933, Geogr. Geol. Meded. Utrecht, Phys. 
Geol. Reeks, no. 8, p. 67, f. 80, 81. 

Angulogerina vicksburgensis CUSHMAN, 1935, Contrib. Cushman Lab. Foram. Res., 
vol. 11, p. 33, pl. 5, f. 3, 4; Cusoman and Herrick, 1945, id., vol. 21, p. 67, 
pl. 10, f. 27; Banpy, 1949, Bull. Amer. Paleont., vol. 32, no. 131, p. 148, 
pl. 27, f. 12. 

Comparing the specimens of A. molengraaffi with the figures and 
descriptions of A. vicksburgensis from Oligocene and Upper Eocene, 
no clear differences could be noted. 


Lamarckina vermuntt PIsPERS 
Pl. 1, fig. 5a-c 
Lamarckina vermunti Pispers, 1933, Geogr. Geol. Meded. Utrecht, Phys. Geol. 
Reeks, no. 8, p. 70, f. 100-103. 


Evidently this species is very close to L. ocalana CusHMAN, 1926. 


Baggina thalmanni PisPERS 
Pl. 1, fig. 6a-c 


Baggina thalmanni PisrEeRs, 1933, Geogr. Geol. Meded. Utrecht, Phys. Geol. Reeks, 
no. 8, p. 69, f. 97-99; CusumMAN and Topp, 1944, Contrib. Cushman Lab. Foram. 


Bes. vol. 20, p: 98,4pl. 1b, f. 3-5; 
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The clear area of the wall above the aperture is indistinct in many 
of the specimens, which is probably due to the state of preservation. 
In some individuals some dark spots were observed in the wall at the 
border of this clear area, but no definite openings could be seen, as had 
been reported by Pisprrs. Most specimens are distinctly evolute dorsally, 
but in certain variants the earlier whorls are practically entirely covered. 
From this it appears that B. mareliana CusHMAN and BERMUDEZ, 1937, 
from the Cuban Eocene is morphologically very close to PisPERs’ species. 


Asterigerina kochi (PIsJPERS) 
Pl. 1, fig. 7a-c 
Globorotalia kochi PisPERS, 1933, Geogr. Geol. Meded. Utrecht, Phys. Geol. Reeks, 
MG, Gy js lly is UG, 


This remarkable species is characterized by its high conical shape, 
its flat dorsal side, the relatively small amount of chambers and the 
open ventral umbilicus. The supplementary chambers are rather large, 
occupying the greater part of the ventral surface of the test. The material 
is rather ill-preserved, so that in most specimens the various features 
are obscure. 


Cassidulina cf. C. moodysensis CUSHMAN and TopD 
Pl, 1, fie, 8a-¢ 


Cassidulina moodysensis CUSHMAN and Topp, 1945, Contrib. Cushman Lab. Foram. 
Ress vole 2s p.) LOZ) pl l65) £910) 


Miss Rut Topp kindly compared part of the material from Curacao 
with the original specimens of C. moodysensis from the basal part of 
the Late Eocene Moodys marl of Mississippi. From this it appeared that 
the former are slightly larger in size, averaging one more chamber in 
the final whorl than the types. The periphery is somewhat rounder and 
the aperture mainly lies in the apertural face and only partly along the 
inner margin of the final chamber. The differences are considered to be 
too slight for separate specific designation of the Curasavian individuals. 


Ruttenia coronaeformis (PIJPERS) 
Pl. 1, fig: 9a-c 


Bonairea coronaeformis PispERs, 1933, Geogr. Geol. Meded. Utrecht, Phys. Geol. 
IRIE, WAKO, hy Gay, PE, ai, WA ae). : 


Ruttenia coronaeformis (PispERS), Pispers, 1933, Contrib. Cushman Lab. Foram. 
Res., vol. 9, p. 30. 


Part of PiypErs’ material has evidently got lost since 1933. No additional 


specimens were found. One of the specimens is figured here as lectotype 
of this peculiar species. 


Cibicides mississippiensis (CUSHMAN) 


Anomalina mississippiensis CUSHMAN, 1922, U.S. Geol. Survey, Prof. Paper 129-E 
p: 98, pl. 21, f. 6-8: 


” 7 _ a - “a ee _ ee 7 


C. W. DROOGER: Late Eocene smaller Foraminifera from Curacao 


and Bonaire (N.W.I.) 


PLATE 1] 
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The majority of the Otbicides specimens from Curacao belongs to a 
widely variable group, for which too many specific names have been 
established in the past. These individuals, which undoubtedly belong 
together, show considerable variation as to nearly all features as there 
are: the relative height of the test, number of chambers in the final coil, 
degrees of inflation of the chambers, curvature and limbation of the 
sutures. For this reason at least a dozen specific names might be applied 
to them. A.o. PispERs’ C. americanus var. bonairensis, C. megalocephalus, 
C. dispars and Dyocibicides rutteni may be linked by intermediates with 
specimens identical with the type of C. mississippiensis, which has rather 
haphazardly been chosen here. Revision of this group is highly necessary. 


REFERENCES 


1. Ennis, B. F. and A. R. Mzssrna, Catalogue of Foraminifera, Spec. Publ. Am. 
Mus. Nat. Hist. (1940-1951). 

2. Pispers, P. J., Geology and Paleontology of Bonaire (D.W.I.), Geogr. Geol. 
Meded. Utrecht, Phys. Geol. Reeks, no. 8 (Also: Acad. thesis 
Utrecht) (1933). 

3. REGTEREN ALTENA, C. O. van, Old Tertiary Mollusca from Curacao, Proc. 
Ned. Akad. Wetensch. 44, 10 (1941). 

4. Rurren, M. G. and L. W. J. VeRmMunt, The Seroe di Cueba limestone from 
Curacao, Proc. Kon. Akad. Wetensch. 35, 2 (1932). 

5. ScHaus, H. P., Geological observations on Curacao, N.W.I., Bull. Am. Ass. 
Petr. Geol. 32, 7, 1275-1291 (1948). 

6. WESTERMANN, J. H., Overzicht van de geologische en mijnbouwkundige kennis 
der Nederlandse Antillen, Kon. Ver. Ind. Inst., Meded. no. 85 (with 
a summary in English) (1949). 


PLATE 1 


Fig. 1. Planularia thalmanni (PisPERS). Lectotype. Porta Spafio, Bonaire. Side 
view; x 45. 

Fig. 2. Giimbelina martini (PispERS). Lectotype. Porta Spafio, Bonaire. Side 
view; X 125. 

Fig. 3. Buliminellita parva (CusHMAN and Jarvis). Porta Spafio, Bonaire. Side 
view; xX 90. 

Fig. 4. Angulogerina molengraaffi Pispnrs. Lectotype. Porta Spafio, Bonaire. 
a. side view; b. apertural view; x 90. 

Fig. 5. Lamarckina vermunti Pispurs. Lectotype. Porta Spafio, Bonaire. a. dorsal 
view; 6. ventral view; c. peripheral view; x 45. 

Fig. 6. Baggina thalmanni Pispers. Lectotype. Porta Spafio, Bonaire. a. dorsal 
view; 6. ventral view; c. peripheral view; xX 45. 

Fig. 7. Asterigerina kochi (Pispers). Lectotype. Porta Spafio, Bonaire. a. dorsal 
view; b. ventral view; c. peripheral view; x 125. 

Fig. 8. Oassidulina cf. C. moodysensis CusuMAN and Topp. Seroe Mainchi, Curagao. 
a, 6. side views; c. apertural view; X 90. 

Fig. 9. Ruttenia coronaeformis (PispERS). Lectotype. Porta Spaiio, Bonaire. 
a. dorsal view; 6. ventral view; c. peripheral view; x 90. 


PALEONTOLOGY 


SOME INDONESIAN MIOGYPSINAE 
I 

INTRODUCTION AND DESCRIPTIONS 
BY 


Cc. W. DROOGER 


(Communicated by Prof. G. H. R. von KoENIGsSWALD at the meeting of Jan. 24, 1953) 


INERODUCTION 


Before Tan Sry Hox published his papers (1936, 1937) on the Indonesian 
Miogypsinidae, eight species and one variety belonging to this family of 
larger Foraminifera, had been described from Borneo, Java and the 
Tanimbar Islands. In most eases the original descriptions and figures do 
not allow a certain evaluation of these species, neither could Tan revise 
them on the base of the original material. As far as possible such a 
revision is given here. 

The species involved are: Miogypsina thecidaeformis (L. RuTTEN) and 
M. polymorpha (L. Rurren), described in 1911; M. bifida L. Rutten, 
1912, and M. polymorpha (L. RuTTEN) var. spiralis L. RutTren, 1926. 
Only a small part of the original material, stored in the collections of the 
Mineralogisch-Geologisch Instituut of Utrecht, could be re-studied. The 
remainder was sent to Bandung before the war and was not available. 

Miogypsina dehaarti VAN DER VLERK, 1924. The original material was 
stored at Bandung and could not be dealt with. An assemblage, collected 
close to the type locality of M. dehaarti by Dr F. Weser (Lugano, 
Switzerland) and sent for investigation to Utrecht by Dr P. BrRonNIMANN 
(Havana, Cuba) could be studied. Combination of the results with the 
clear description and figures by VAN DER VLERK, enabled us to draw 
some conclusions. 

Miogypsina abunensis TOBLER and M. tuberosa ToBLER, described in 
1926. The original material has been stored in the Naturhistorischem 
Museum of Basle, Switzerland. This could be studied thanks to the 
permission of Dr E. Rirrer and the help of Dr E. Gascue during a visit 
to Basle; a visit made possible by a grant from the Netherlands Organisation 
for Pure Research (Z.W.O.). 

Miogypsina cupulaeformis ZurFaRpI-ComERcrI and M. verrucosa ZuF- 
FARDI-CoMERCI, described in 1929, The original material has been stored 
in the Istituto di Geologia of Turin, Italy. Prof. E. Ferueiio and Prof. 
C. Socry allowed me to study this material. 


I wish to express my sincere thanks to all the above mentioned people 
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and institutions for their ample help and collaboration. Moreover, thanks 
are due to Prof. H. J. Mac Gmtavry (Amsterdam) for his critical comments 
on the manuscript. 


DESCRIPTIONS 


Miogypsina polymorpha (Rurren) 
Pl. 1, fig. 1-4, 31 
Lepidosemicyclina polymorpha L. Rutten, 1911, Versl. Verg. Kon. Ak. Wetensch., 
Amsterdam, Verg. 25 Febr. 1911, p. 17 (1159). 


Miogypsina polymorpha (RUTTEN), L. RurTrEeN, 1912, Samml. Geol. Reichs-Museums 
Leiden, ser. 1, vol. 9, p. 207, pl. 12, £ 6-9. 


RUTTEN’s original description of 1911 is very short. The main distin- 
guishing feature was there considered to be the peculiar appearance 
of the test in part of the specimens: the frontal side of the test is strongly 
undulated or indented in them. In 1912 RutrEen added: the possession 
of an irregular embryonic apparatus and of elongate-hexagonal 
equatorial chambers. As stratigraphic level and locality are given: ‘In 
tonigem Kalkmergel am oberen Soengei Mentawir, nahe der Balik- 
Papan Baai, Ost Borneo”’. 

Only 9 specimens or fragments were still preserved in the Utrecht 
collection. They are marked as having been derived from Soengei Pen- 
jangulan. From RuTreN’s map (1911) it is likely that the specimens 
come from the same locality as that given in the papers. It also appears 
from the fact that among these specimens there are the six that were 
pictured in 1912 (pl. 12, f. 6). 

The relatively large individuals range in larger diameter from 3.5 mm 
to about 10 mm. The apical portion is usually sharply protruding and 
the frontal margin is more or less undulated and indented. In two of 
the individuals the test is bifid with twisted wings, which shape is 
considered to be the most typical feature of Rurren’s M. bifida (see 
below). The surface of the test is covered with pustules ranging in dia- 
meter from 25-120 yw. 

It is impossible to make horizontal sections, which show more than 
part of the median layer. As the early chambers are most important 
for classification, special attention was paid to the making of good 
sections of these chambers. Six satisfactory median sections of this part 
of the test were obtained, though the figures given are partly recon- 
structions from successive grinding stages. On account of the excessive 
difference in size of the various embryonic-nepionic chambers it is 
impossible to get all details in one section. The early chambers are situated 
apically and peripherally. Their arrangement was difficult to ascertain, 
but it is certainly not unsystematic. Some of the early chambers are 
large and hollow; they were filled with canada balsem before grinding. 
In all six sectioned individuals two protoconchal spirals of unequal 
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length were observed. The chambers of the shorter spiral and part of 
those of the longer spiral are relatively very small. The calculated values 
of 200 a/8*) range from 21 to 62 (Mooo «jg = 36). The diameter of the proto- 
conch varies from 190-250 uw (M; = 210 yn, Jy, = 10 mw). The kidney-shaped 
deuteroconch is on the average slightly larger: M,,/M,; = 1.10. The 
values of y range from 0° to 45° (M, = 18°). A peculiar feature is that 
one or more of the nepionic chambers, situated near the apical-frontal 
line, are relatively very large, occasionally exceeding the diameters of the 
embryonic chambers (up to 380 4“ was measured). This may be either 
the first principal auxiliary chamber alone or the first to third chamber 
following. Occasionally some of these nepionic chambers may have such 
relatively large sizes in one individual. In some of the specimens it was 
also observed that some equatorial chambers near the apical-frontal line 
and adjoining the nepionic chambers attain similar large dimensions. 
It is possible that there are accessory auxiliary chambers in some of the 
individuals, but their presence could not be established with certainty. 

In the median sections it is further shown that nearly all equatorial 
chambers are elongate-hexagonal in shape. Their apical-frontal walls are 
longer than the heights of the pointed ends together. Generally this shape 
is attained already by the equatorial chambers, which follow directly 
upon the nepionic chambers. As a result the equatorial chambers are 
arranged in parts of concentric rows around the early chambers. The 


1) For explanation of the symbols and methods the reader is referred to the 
discussion in lit. 3, pp. 4-12. 


PLATE I 


Drawings of the embryonic-nepionic stage in median sections of: 
Figs. 1-4: Miogypsina polymorpha (RutTTEN), Sg. Penjangulan, East Borneo. 
Figs. 5-9: Miogypsina bifida Rutten (= M. polymorpha), west of Bontang, 
East Borneo. 
Figs. 10-14: Miogypsina thecidaeformis (RutTTEN), Sg. Blakin, East Borneo. 
Figs. 15-19: Miogypsina dehaarti VAN DER VLERK, Larat, Tanimbar Islands. 
Figs. 20-23: Miogypsina dehaarti VAN DER VLERK, Bintoet-Amoentai, south- 
eastern Borneo. Specimens, originally described by ZuFrrarDI-— 
Comerct as M. complanata SCHLUMBERGER. 
Figs. 24-26: Miogypsina dehaarti VAN DER VLERK, Moantung-Amoentai, south- 
eastern Borneo. 24, 25 originally described as M. verrucosa ZUFFARDI— 
Comerci, 26 originally described as M. irregularis (MICHELOTT!). 
Figs. 27-30: Miogypsina tuberosa ToBLER (= M. antillea (CUSHMAN)), Pépoh, Java. 
Enlargement approximately 30 x, except for figs. 27-30, for which no measure- 
ments were made. The apical-frontal line is directed vertical. The drawings are 
accurate only as to arrangement and relative size of the chambers; stolons and 
thicknesses of the walls have been neglected. 
Figs. 31, 32: Schematic drawings showing the average shape of the hexagonal 
equatorial chambers in: 
Fig. 31: Miogypsina polymorpha (RUTTEN). 
- Fig. 32: Miogypsina thecidaeformis (RUTTEN). 
Enlargement approximately 30 x. 
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maximum observed dimensions of the equatorial chambers amount to 
115 xX 225 pm. 

No very clear transverse sections could be made. Also in these transverse 
sections the equatorial chambers appear to have an elongate-hexagonal 
shape, with more or less rounded angles, however. The lateral chambers 
show arrangements, which vary from indistinctly layered to imbricate; 
up to 8 chambers were observed in vertical succession on each side of 
the median layer. Further it was noted during the grinding for the median 
sections that several lateral chambers are horizontally in touch with the 
embryonic chambers at those places where the nepionic chambers are 
very small. 

Remarks: As to the arrangement of the nepionic chambers M. poly- 
morpha is at the level of M. irregularis, from which it differs mainly by 
the elongate-hexagonal shape of nearly all equatorial chambers. The 
latter feature is considered to be sufficient for specific separation. The 
possible subgeneric value of this feature is discussed below. 


Miogypsina bifida RuTTeEN 
Pl. 1, fig. 5-9. 


Miogypsina bifida L. Rurren, 1912, Samml. Geol. Reichs-Museums Leiden, ser.1, 
vol. 9; p. 209, pl. 12.°f 10,11. 


According to RuTrEn this species differs from M. polymorpha by the 
more constant bifid shape of the test and the less distinct pustulation 
of its surface. Moreover, the test is curved in such a way that it appears 
as part of a cone with its axis through the apex of the test. The species 
was described from “‘Kalken und Mergeln, nérdlich vom Mahakkam 
Fluss, westlich von Bontang, Ost Borneo”’. 

Several specimens were available, among which those figured by 
Rutten (pl. 12, f. 10). 

The individuals, which are nearly always broken, may attain a maximum 
size of about 6.5 mm. Most of them are distinctly bifid with usually 
twisted wings, but others have only slight indentation of the frontal 
margin. The pustules range in diameter from 45-90 u. 

The state of preservation allowed the making of better sections than 
in the case of M. polymorpha. The internal features of M. bifida appeared 
to be practically identical with those of M. polymorpha. The following 
details were based on 6 sections: Rego aig = 21-41, Mooo ap = 333 R, = 180- 
260 uw, My = 228 mw, oy, =12 wu; My/M, = 1.24; Ry =— 15° —+ 15°, M, =5°. 
As may be seen from the figures also the peculiar differences in size in 
the nepionic chambers are closely similar. Also the equatorial chambers 
are identical in shape and arrangement; maximum observed dimensions 
110 x 190 « and in extreme cases 80 x 210 «a. 

Remarks: Evidently M. bifida differs from M. polymorpha only by the 
relatively larger number of bifid variants in the assemblage. This is 
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considered to be insufficient for a specific separation. The name may 
still be used for subspecies or variants of M. polymorpha. 


Miogypsina polymorpha (RurTEN) var. spiralis Rurren 


Miogypsina polymorpha (RuTTEN) var. spiralis L. Rurren, 1926, Verh. Geol. 
Minb. Gen., Geol. Serie, vol. 7, pt. 4, p. 321, pl- 2, f. 27, 28, 30-34. 


According to Rurren this variety differs from the type species only 
in that it has spirally arranged nepionic chambers. However, it was 
shown above in the re-description of M. polymorpha that in this species 
the arrangement of the nepionic chambers is not irregular as was assumed 
by Rurren. The original material of the variety was derived from the 
“Kalkmergel Beneden Soengei Kelai (sample 1), Beraoe, Oost Borneo’’. 

All that is left of this variety in the Utrecht collections consists of 
two thin-sections (D 10000, 10001), which were not reproduced in 
RuTTEN’s paper. One of these sections shows part of the median layer 
with elongate-hexagonal chambers; the other is a transverse section 
showing the lateral chambers imbricate one upon the other. From RutTTEn’s 
figures it is clear that his specimens show a close resemblance to those of M. 
polymorpha, both as regards the elongate-hexagonal shape of the equatorial 
chambers through nearly the entire median layer and the possession of 
some early chambers of relatively large size (see a.o. transverse section 
f. 28). Unfortunately no conclusions can be drawn from these figures 
about the arrangement of the nepionic chambers. The vague impression 
from one of them (f. 30) of a nearly symmetric type (24-24?) is not sub- 
stantiated by the other two median sections (f. 27, 34). 

No definite conclusions about the exact systematic place of this variety 
can be given, though it is likely that it belongs to M. polymorpha. 


Miogypsina thecidaeformis (RuTTEN) 
Pl. 1, fig. 10-14, 32. 


Lepidosemicyclina thecidaeformis L. Rurren, 1911, Versl. Verg. Kon. Ak. Wetensch., 
Amsterdam, Verg. 25 Febr. 1911, p. 15 (1157). : 
Miogypsina thecidaeformis (Rurren), L. Rurren, 1912, Samml. Geol. Reichs- 
Museums Leiden, ser. 1, vol. 9, p. 204, pl. 12, f. 1-5. 


The short original description of 1911 was supplemented in 1912. The 
main feature by which this species was said to differ from M. irregularis 
(Micu.), is the hexagonal shape of most of the equatorial chambers. As 
level and locality are given: “In tonigem Mergel am Soengei Blakin, 
nahe der Baai von Balik Papan, Ost Borneo’. 

Seven specimens from this locality were available, among which are 
those figured in 1912 (pl. 12, f. 1). 

The test is somewhat unequally biconvex and about rounded in outline, 
except for the sharply protruding apical portion. In the larger individuals 
the frontal margin is slightly indented. Diameter of the test 2.1-4.5 mm, 
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thickness 0.5-1.1 mm. The surface is evenly covered by rounded pustules 
with diameters ranging from 25 yw to 135 uw. 

Six distinct median sections were made. The early chambers are situated 
apically, directly at the periphery. The diameter of the protoconch varies 
from 115 w to 170 « (M; = 140 p, oy, = 9.0 uw). The average diameter 
of the deuteroconch is larger than that of the protoconch: My,/M; = 1.35. 
The values of y range from 15° to 60° (M, = 38°). In all six individuals 
two protoconchal spirals of unequal length are present: Reoq ajg = 21-52, 
Moo ap = 37. The successive chambers of the longer nepionic spiral differ 
but slightly, and always regularly, in size. They do not show the strong 
differences in size, noted in the individuals of M. polymorpha. The equatorial 
chambers are successively ogival, rhombic and hexagonal in shape. Most 
hexagonal chambers are about isodiametric; only occasionally they have 
the elongate shape, which is dominant in M. polymorpha. In some of the 
sectioned specimens of M. thecidaeformis the latter kind of equatorial 
chambers is not present, in the others they occur only near the frontal 
margin. Short-hexagonal chambers become dominant after 10-20 rows 
of alternating ogival and rhombic equatorial chambers. Maximum observed 
dimensions 140 x 180 w. 

A single transverse section was made. The height of the median layer 
amounts to about 90 mw. From this layer the embryonic chambers are 
distinctly protruding. The lateral chambers are indistinct, in more or 
less regular layers and tiers. 

Remarks : Evidently M. thecidaeformis mainly differs from M. polymorpha 
in the regular arrangement of the nepionic chambers, and in the development 
of elongate-hexagonal equatorial chambers at a much later ontogenetic 
stage, if at all. Though the diameters of the test in M. thecidaeformis 
are smaller than those of M. polymorpha, the individuals cannot be 
considered as youth forms of the latter species. Short-hexagonal equatorial 
chambers were often observed near the frontal margin of individuals 
of several known assemblages of Miogypsina s.str., but always to a 
much less extent than in the specimens of Sg. Blakin. So the original 
assemblage of M. thectdaeformis can best be regarded as morphologically 
intermediate between the assemblages of M. polymorpha and M. irregularis. 
The species name may be retained as such, though it is difficult to give 
a numerical definition of the species based on the equatorial chambers, 
by which it will always be distinctly recognizable. 


Miogypsina dehaarti vAN DER VLERK 


Pl. 1, fig. 15-19; pl. 2, fig. 1-4 


Miogypsina Dehaartii VAN DER VLERK, 1924, Ecl. geol. Hely., vol. 18, pp. 429-431, 
textfigs. 1-3. 


VAN DER VLERK gives as the main diagnostic features of this species 
the smooth outer surface without ornamentation and the presence of 
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thick lateral walls of lamellar structure instead of lateral chambers. The 
species was described from material collected by Ir P. pz Harr in the 
small island of Larat of the Tanimbar Islands, southeastern Indonesia. 
The original material of this species, stored in Bandung, Indonesia, was 
not available. 

Numerous individuals from a sample (sample no. L 9) collected by Dr F. 
Weser at about the stratigraphic level of Ir pz Haarrt’s sample on 
the island of Larat, were sent for investigation to me by Dr P. Broy- 
NIMANN. A large number of thin-sections had already been made by 
Dr BRoNNIMANN. These were also kindly put at my disposal. 

Most of the specimens from WeEBER’s collection agree very well with 
the clear description and figures given by VAN DER VLERK for his species. 
This may be considered as a good starting point for a further analysis 
of M. dehaarti. The following observations were made on the specimens 
of WEBER’s sample. 

In most specimens the test is subtriangular to about rounded in outline 
with a distinctly protruding apical portion. Diameter 1.0-2.2 mm; 
thickness 0.3-—0.9 mm (or more); greatest thickness appears towards the 
apex. In addition to these individuals which are equally biconvex to 
planoconvex, numerous others occur, deviating from the most common 
type with a straight median layer. In these variants the apical portion 
of the test turns upwards at various angles from the plane of the remainder 
of the test, which gives a curved appearance to the test in apical-frontal 
direction. In extreme specimens, which are not rare ,the test resembles 
a low, oblique cone. In the latter individuals the conical surface has 
a steep and a gentle slope in apical-frontal direction. The other side 
is sometimes slightly convex or flattened, but usually it is concave, 
even deeply so. In the conical specimens the median layer is visible 
along the periphery on all sides. As a result the early chambers in the 
apex of the test have lost the peripheral position, which they occupy 
in the more flattened variants. Usually the surface of the test in individuals 
of all shapes is evenly covered with pustules (diameter 25-100 yu), either 
well apart or closely set; in the latter case there are only narrow furrows 
in between. The pustules are usually no more than very low elevations; 
they may be entirely absent, which gives a smooth appearance to the test. 

Median sections through the early chambers show a spherical proto- 
conch and a deuteroconch which is more or less kidney-shaped. 
R, = 100-180 yw, M, = 142 pw, oy, = 5.1 w; My/M; = 1.00; all figures 
based on 20 observations of individuals of the various types. Further 
R, =— 80° —+ 20°, M, =—17° (based on N = 33). The deuteroconch is 
followed by a single short nepionic spiral of smaller chambers, which 
after the first to third chamber gradually diminish in size. In 30 individuals 
the number of spirally arranged chambers, excluding I and II, varied 
from 9 to 6 (My = 6.9, 04, = 9.15). The average value contains a systematic 
error, which to some extent diminishes its application for comparisons 
with other assemblages. This is caused by the following. In the flattened 


112 


PLATE II 


Camera lucida drawings of three specimens of Miogypsina dehaarti VAN DER 
VLERK var. cupulaeformis ZurraARDI-Comerct from Larat. The individuals were 
first ground off along the longer slope of the cone till the embryonie-nepionic chambers 
were clearly visible. Afterwards the remainder of the lateral wall on the convex 
side was largely scraped off. The individual of fig. 1 was coated with canada balsem 
before it was drawn, which accounts for the more regular shape of the chambers. 
Enlargement 40 x. 


Fig. 1: View of the convex side of the cone, Seven chambers of the nepionic 
spiral are visible; the last ones are partly below the embryonic chambers. Between 
the first and second chamber which follow directly after the deuteroconch a small 
equatorial chamber is visible. From the equatorial chamber, situated between the 
second and third nepionic chambers, a spiral of equatorial chambers coils in the 
opposite direction bending under the embryonic-nepionic apparatus. The equa- 
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variants the spiral is about plane, but in the conical individuals the 
spiral gradually bends to the concave side of the test, the final chambers 
lying under the deuteroconch. Thus it is probable that in the conical 
variants of the 30 individuals, considered above, not all spiral chambers 
were counted. As a result the value 6.9 for Mx may be too low, though 
it is considered unlikely that the real value would exceed 9. In some 
individuals the outer wall of the embryonic chambers is thickened at 
the place of a possible second principal auxiliary chamber, but cavities 
of such chambers were not observed. The equatorial chambers are arcuate, 
ogival and rhombic in shape, the ogival shape being the most frequent; 
maximum observed dimensions 170 x 215 w. In flattened individuals 
the median layer is also about flat. In the conical specimens this layer 
is strongly curved having about the shape of the conical surface of the 
test. At the apical side the median layer bends strongly downwards 
below the early chambers, following the steep side of the cone. In these 
conical individuals the early chambers no longer possess a peripheral 
position. These features are clarified by the figures 1-4 of plate 2. 
Also some variation appears to exist as to the structure of the lateral 
walls of the test. In most transverse half-sections (individuals, of which 
only half of the test has been removed) and also in the thicker thin- 
sections the outer walls on each side of the median layer appear as thick, 
amorphous, calcareous layers. In most of the thinner thin-sections, 
however, definite structures are seen in these calcareous masses. These 
walls possess either thin and irregular vertical and horizontal pores and 
canals and pillar-like structures or a large number of closely set lines 
of concrescence, which give a finely lamellar appearance to the side 
walls. Also combinations of both types occur. In several specimens 
chambers are visible in greater or smaller parts of the lateral walls. In 


torial chambers from both sides unite in the steep face of the median layer below 
the embryonic chambers. 

Fig. 2: View of the convex side of a second individual. In this specimen the wings 
of the median layer do not unite under the embryonic chambers. Eight nepionic 
chambers are visible. The second has largely been broken away; the white line 
representing its wall is a reconstruction. The first distinct equatorial chamber occurs 
between the third and fourth nepionic chamber; earlier ones may have been de- 
stroyed during the scraping. 

Fig. 3: Side view of the specimen of fig. 2, taken from the right side regarding 
the latter drawing. The projecting portion in the upper part of the drawing is formed 
by the outer walls of the embryonic chambers, laid bare by the scraping off of the 
lateral wall. 

Fig. 4: View of the steep face of the cone of a third specimen. After preparation 
the remainder of the embryonic-nepionic chambers is seen to be strongly protruding 
in the upper part of the drawing. The median chambers of the steep slope of the 
cone are seen below the embryonic-nepionic apparatus. It could not be ascertained 
how many of these chambers, directly adjoining the early chambers, still belong 
to the nepionie spiral. The white spaces in the upper left and right of the figure 
represent the larger part. of the median layer, which is sloping away from the ob- 
server. The equatorial chambers of this part have been omitted in the drawing. 
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some cases gradations were observed in a single individual between 
parts with the amorphous calcareous mass with or without lamellar 
and pillar-like structures, and adjoining parts with lateral chambers 
with distinct cavities. When lateral chambers are present in sufficient 
numbers they tend to become arranged in layers and tiers. Lateral walls 
without these cavities are the most common. 

Notwithstanding this wide variation in WxEBER’s sample from Larat 
all specimens definitely belonged to a single population. Not only because 
all intermediates occur between the extremes of several features, but 
also because they cannot be separated on the base of the principal 
taxonomic feature: the number of nepionic chambers. 

From the description and figures of M. dehaarti by VAN DER VLERK 
it follows that his individuals are morphologically entirely within the 
range of variation of the specimens of WEBER’s sample. The species 
was probably based on an assemblage of non-conical individuals, which 
closely resemble our flattened variants, as it is unlikely that VAN DER VLERK 
would have overlooked the remarkable conical forms, if they had been 
present. Prof. vAN DER VLERK kindly informed me (personal communi- 
cation) that he could not remember, after thirty years, whether he observed, 
any of these conical Miogypsinae in the original assemblage of M. dehaarti. 
Though there is no definite proof yet, it is very likely that M. dehaarti 
should be applied to assemblages of non-conical Miogypsinae with short, 
nepionic spirals (in any case with Mx, smaller than 10). The outer walls 
should be devoid of distinct development of lateral chambers. Whether 
the presence of lamellar structures and correspondingly the absence of 
pustules and other vertical elements in the outer walls have to be taken 
as rigorous conditions for this species must be decided from observations 
on more samples (see below), or still better, from the original material 
of M. dehaarti. 

As a result the assemblage of Wnper’s sample has to be seen as inter- 
mediate in morphologic features between M. dehaarti and an as yet 
unknown, possibly non-existing, hypothetic species, which would consist 
only of conical individuals with the features of the above described 
variants. No such species being known, the assemblage may best be 
described as consisting of M. dehaarti and M. dehaarti var. cwpulaeformis 
(see below). Though the type of the latter variety is microspheric the 
name may as yet be applied to macrospheric individuals as well, until 
the morphologic relations between the various forms of this group are 
better known. 


Miogypsina cupulaeformis ZurraRDI-CoMERCI 
Pl. 1, fig. 20-23 


Miogypsina cupulaeformis Zorrarpi-Comerct, Boll. Soc, Geol. Ital., Roma, vol. 
47, (1928), fase. 2, p. 142, pl. 9, f 12, 18, 20. 


; : : : 
The most typical feature of this species, as given by ZUFFARDI-COMERCT, 
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is the conical shape of the test. Furthermore an extensive description is 
given of the number of pustules: numerous on the convex side, very 
few on the concave face. The statement that only 4 spiral chambers 
encircle the embryonic ones is evidently based on a single imperfect 
section in her collection. The species is described from the Lower Miocene 
of Bintoet-Amoentai, southeastern Borneo. According to ZurrarDI- 
CoMERcr’s determinations the species is accompanied by M. irregularis 
(Micu.), M. complanata Scuuums. and M. burdigalensis (GitmpE). The 
material is stored in the coll. Bonarelli in the Istituto di Geologia of 
Turin, Italy. 

All the original material of ZurraARDI-CoMERCI was available for 
study. About 10 specimens (diameter 2-3 mm) and a single horizontal 
section of a microspheric individual (f. 20, Z—-C.) are labeled M. cupulae- 
formis. They are distinctly conical differing in outer appearance from 
the similar specimens of Larat by the fact that on the average the apex 
of the cone is situated more centrally. Three of them were sectioned 
and they appeared to be microspheric. The embryonic-nepionic spiral 
of two of these specimens, situated in the apex of the cone, consisted of 
respectively about 20 and about 25 chambers. Regarding the large size 
of the other individuals it is likely that all these conical specimens are 
microspheric. 

The specimens labeled as M. irregularis and M. burdigalensis resemble 
those of M. cupulaeformis in outer appearance, except that they are 
flattened or less pronouncedly conical. They are probably also micro- 
spheric as shown by their size and by the sections of some of them. Only 
those labeled as M. complanata are small (diam. 0.9-1.8 mm) with a more 
protruding apical portion. Five of these non-conical individuals were 
sectioned (pl. 1, fig. 20-23). They are macrospheric and possess a short 
spiral of 8 to 6 chambers, following the deuteroconch. R, = —70°—+ 20°. 
R, = 75-130 uw. My/M, is about 1.00. The equatorial chambers are ogival 
to rhombic in shape; maximum observed dimensions 120 x 150 wu. 

Some transverse sections of the different ‘“‘species’” were made. They 
all show thick lateral walls with distinctly lamellar structures and few, 
usually irregular, cavities. From the features discussed above it is 
considered likely that we are dealing with representatives of a single 
population. It closely resembles the assemblage of WkEBER’s sample of 
Larat, consisting of the same taxonomic units. 

As name for the conical variants ZUFFARDI-COMERCI’s specific name will 
be used: M. dehaarti VAN DER VLERK var. cupulaeformis ZUFFARDI-— 
Comerct. This variant evidently had a wide distribution in the Western 
Pacific. It is probable that M. dehaarti vAN DER VLERK var. pustulosa 
Hanzawa (1940, p. 780, pl. 40, f. 9-29, pl. 42, f. 13) is a synonym of 
this variety. According to Hanzawa’s description and figures the number 
of spirally arranged chambers in macrospheric individuals amounts to 
about 7; nearly all conical individuals are reported to be microspheric. 
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Miogypsina verrucosa ZUFFARDI-COMERCI 
Pl. 1, fig. 24-26 


Miogypsina verrucosa Zorrarpdt—-Comerct, 1929, Bull. Soc. Geol. Ital., Roma, vol. 
47 (1928), fasc. 2, p. 143, pl. 9, f. 8-10, 4D: 


According to ZurrarpI-ComERcI this species is characterized by the 
possession of a peripherally situated nepionic spiral of 7 or 8 chambers, 
following the embryonic one(s). The species is described from the Lower 
Miocene of Moantung-Amoentai, southeastern Borneo, where it is accomp- 
anied by M. irregularis. The original material is deposited in the same 
collection as that of M. cupulaeformis. 

All original material from Moantung-Amoentai could be studied. In 
addition to the three pictured, free specimens, two other thin-sections 
(one of a microspheric individual) represent M. verrucosa, as determined 
by ZurrarpI-ComErcti. Two sections of megalospheric individuals show 
a peripherally situated, plane, nepionic spiral (respectively 9 and 7 or 
8 chambers) following the embryonic chambers, which are of about 
equal size (diameter I about 100 w; y respectively —100° and —75°). 
The equatorial chambers are ogival to rhombic in shape; maximum 
observed dimensions 145 x 180 «. From the free specimens it appears 
that no lateral chambers are present above the equatorial ones, while 
their presence near the embryonic chambers is doubtful on account of 
the large, very closely set pustules. 

In the material from this locality, labeled as M. irregularis, two 
additional thin sections show nepionic spirals of respectively 8 and 7 
or 8 chambers. One transverse section shows thick outer walls with 
distinct lamellar structures and few cavities, which in some places 
resemble lateral chambers. Also in outer appearance these individuals 
are not different from those of M. verrucosa, all evidently belonging to 
a single homogeneous population. Combining the sections of M. verrucosa 
and M. irregularis: Ry = 9-7; Ry = 90-115 w; My/M, is about 1.00; 
B= 100 10 

M. verrucosa is considered to be a synonym of M. dehaarti. 


Miogypsina abunensis ToBLER 


Miogypsina abunensis ToBLER, 1926, Eel. geol. Hely., vol. 20 (1927), pp. 327-330, 
textfigs. 3, 5. 


In TosieEr’s original description this species is considered to be 
characterized by the fibrous vertical structures of the lateral walls, 
perpendicular to the median layer. The species was described from the 
Lower Miocene of “‘Sungi Abun, ein Zufluss des Sungi Limbang, Sarawak”’, 
northwestern Borneo. The material is stored in the Naturhistorischem 
Museum of Basle, Switzerland. 

All TosLEr’s material could be studied. No good oriented sections 
of free specimens are present. As far as could be concluded the nepionic 
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chambers form a relatively long, probably trochoid, peripherally situated 
spiral. The nepionic chambers probably attain sizes exceeding those of 
the embryonic ones. In the lateral walls the vertical elements, among 
which are many pillars, dominate. Individuals referable to Miogypsina 
s.str. are not distinct. Strongly unequally biconvex individuals (possibly 
exaggerated by oblique sectioning) are rare, more equally biconvex out- 
lines being more common. 

No well-founded conclusions as to the systematic place of these Mio- 
gypsinae can be given. However, it is likely that M. abunensis is a synonym 
of M. complanata SCHLUMBERGER in its wide sense. On one slide ToBLER 
had written also “megalosphir, ihnlich complanata’’. 


Miogypsina tuberosa ToOBLER 
Pl. 1, fig. 27-30 


Miogypsina tuberosa ToBLER, 1926, Ecl. geol. Helv., vol. 20 (1927), pp. 323-327, 
figs. 1, 2, 4. 

As typical features for this species ToBLER gives the presence of 
some extremely large pustules and the corresponding replacement of 
part of the lateral chambers by lamellar structures in the microspheric 
individuals. The species is described from the Burdigalian (or Lower 
Helvetian) of Pépoh, Java. The material is also stored in the Natur- 
historischem Museum of Basle, Switzerland. 

All ToBLER’s material was available for study. As was remarked by 
TosLeR the huge pustules and corresponding absence of the lateral 
chambers are only distinct in microspheric individuals. Several good 
median sections of macrospheric specimens were present. They show a 
distinctly apical and peripheral embryonic-nepionic stage. Two, about 
equal, protoconchal nepionic spirals are present. In 12 specimens the 
values of 200 a/f range from 67 to 100; only one of them is below 
90 (Maoo ajp = 94). The values of y vary from —20° to 35° (M, = 6°). The 
equatorial chambers are usually rhombic in shape, sometimes ogival 
near the early chambers or short-hexagonal near the frontal margin. 

Evidently this assemblage of Miogypsina s.str. approaches perfect 
symmetry of the nepionic spirals. Therefore M. tuberosa is a synonym 
of M. antillea (CUSHMAN). TOBLER’s name might be applied to certain 
variants of this species with the above mentioned peculiarities of the 
surface and lateral chambers. 


(to be continued ) 
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BY 
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(Communicated by Prof. G. H. R. von Konnrcswatp at the meeting of Jan. 24, 1953) 


CLASSIFICATION 


Of the Indonesian species of the Miogypsinidae described earlier, four 
have to be added to the morphological classification of this family (lit. 3): 
Miogypsina thecidaeformis (RutTTEN), M. polymorpha (Rurren), M. 
dehaarti VAN DER VLERK and M. dehaarti VAN DER VLERK var. cupulae- 
formis ZUFFARDI-COMERCI. 


The main morphologic feature in which M. polymorpha differs from 
the species of the subgenus Miogypsina s.str. and especially from M. 
irregularis (MICHELOTT!), is the elongate-hexagonal shape of the equatorial 
chambers in nearly the entire median layer. In this respect, as well as 
in others, M. thecidaeformis is intermediate between M. irregularis and 
M. polymorpha. M. bifida may be seen as a subspecies of M. polymorpha, 
on account of its aberrant average shape of the test. 

Nowhere else in the classification of the Miogypsinidae (lit. 3) could 
the shape of the equatorial chambers be taken as a feature of taxonomic 
significance. It was demonstrated for instance that in the American 
Miogypsinae this shape was not suitable for classification purposes. It 
showed much variation for each assemblage over only a few, slightly 
differing types, though some differences could be noted in the relative 
proportions of the various types (arcuate to slightly hexagonal) for 
different samples. Apart from the fact that it is hardly possible to express 
these differences in reliable numerical values, a discrimination appeared 
unnecessary as the changes in the average shape of the equatorial chambers 
are roughly parallel with the changes of the average arrangement of 
the nepionic chambers. 

In the case of M. polymorpha, however, we have a distinct and con- 
siderable difference from the other species of Miogypsina in the shape 
of the equatorial chambers. This shape may be numerically expressed : 
the length of the apical-frontal walls of the equatorial chambers half 
or more of the total length of the individual chambers; on the average 
such chambers begin at a distance of one to three rows of alternating 
equatorial chambers from the nepionic chambers. 
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Though M. thecidaeformis from Soengei Blakin might be regarded as 
an intercentral sample between M. irregularis and M. polymorpha, there 
is some advantage in its preservation as a separate species. However, 
it is very difficult to give an adequate numerical definition for this species. 
In the sectioned individuals of Rurren’s type sample short-hexagonal 
equatorial chambers occur in about half the median layer. However, 
through this relation the species cannot be founded,:as it would then 
depend on the phaenotypic size of the test, which size in turn may be 
largely dependent on the environmental conditions. For it may well be 
assumed that in individuals larger than those of Rurrmn’s sample the 
equatorial chambers attain the elongate-hexagonal shape in later on- 
togenetic stages, so that the greater part of the median layer is occupied 
by hexagonal equatorial chambers (see for instance the assemblage of 
the Rantjak-Tandjoeng anticline of Madoera, described by Tan Srn Hox, 
1937b). Therefore, it is better to define M. thecidaeformis by means of 
the stage at which development of short (about isodiametric)-hexagonal 
chambers begins. These chambers should become dominant on the average 
at a distance of ten to twenty rows of alternating equatorial chambers 
from the nepionic chambers. 

For both M. polymorpha and M. thecidaeformis the arrangement of 
the nepionic chambers should be at the level of M. irregularis. 

Another problem in connection with the classification of these two 
species originates from the possible difficulties of their separation from 
the Miogypsinae where hexagonal equatorial chambers do not dominate. 
If species based on single specimens are rejected (which is considered 
recommendable), some doubt — due to our insufficient knowledge — 
must be expressed as to the constant distinctness of the populations 
of the M. polymorpha-group. Tan (1937b, pp. 96-98, 108) observed 
that it was impossible to subdivide some assemblages (at Soengei 
Menkrawit, East Borneo) in which types with elongate-hexagonal 
equatorial chambers occurred, as well as types without such chambers. 
Possibly this problem may be solved by a rigorous application of the 
hierarchy of taxonomic features. As in that case, the arrangement of 
the nepionic chambers is considered primarily, a statistical analysis of 
this feature for the entire assemblage may yield a good base for the 
separation of populations. Especially so, as Tan observed the coexistence 
of M. polymorpha (bis M. bifida) and M. cushmani (his M. musperi or 
M. cushmani var. indonesiensis), the types of which have distinctly 
different nepionic arrangements. 

If it can be proved that in single assemblages populations of the M. 
polymorpha-group are morphologically distinctly separable from popula- 
tions of Miogypsina s.str., in which hexagonal equatorial chambers do 
not dominate, a subgeneric name for the former group may be introduced, 
for which is available Lepidosemicyclina L. Rurren, 1911 with type 
species Lepidosemicyclina thecidaeformis Rurren, 1911. In the subgenus 
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Miogypsina are then retained the species with lateral chambers, in which 
development of hexagonal equatorial chambers remains of minor im- 
portance in proportion to the other types (arcuate, ogival and rhombic). 


The subgeneric placement of M. dehaarti appears to be equally difficult. 
Two different generic names have been proposed for Miogypsinae without 
lateral chambers: Miogypsinoides YaBE and Hanzawa, 1928 (type 
species Miogypsina dehaarti VAN DER VLERK) and Miogypsinella HANZAWA, 
1940 (type species Miogypsinella borodinensis Hanzawa). The former 
was based on the presence of side walls of distinctly lamellar structure, 
the latter on the dominating vertical structures in these lateral walls. 
This distinction was accepted among others by BRONNIMANN and DROooGER. 
Yet there seems to be no sharp demarcation between both types of lateral 
walls as they were observed to occur together in single specimens as 
well as in the various individuals of some assemblages. In addition to 
that from Larat, such mixtures occur in the type sample of W/. complanata 
mauretanica BRONNIMANN from Marocco (1940) and also in an as yet 
unpublished assemblage from northern Italy. In these cases it is unlikely 
that the lamellar structures are caused by hypertrophy of the horizontal 
walls of the lateral chambers, though this may have occurred in other 
cases, like that in ToBLER’s M. tuberosa. 

As a result the separation of the Miogypsinae without lateral chambers 
into two subgenera on these grounds is not recommendable. It is there- 
fore proposed to reunite them. Miogypsinoides YaBrn and Hanzawa, 
1928, with type species Miogypsina dehaarti VAN DER VLERK, then has 
priority over Miogypsinella Hanzawa, 1940. The subgenus Miogypsinoides 
thus comprises all species without lateral chambers. The development 
of lateral chambers should be of minor importance. The occasional 
presence of some cavities of various kinds in the side walls may be 
observed in many assemblages. Its taxonomic importance is doubtful. 
Whether vertical or horizontal elements are dominant in the side walls 
and whether the nepionic spirals are trochoid or plane (or possibly 
secondarily trochoid).may be regarded as taxonomic features of specific 
or lower rank. In connection with the latter characteristics it is worth 
mentioning that, no doubt, some association does exist between the 
presence of lamellar structures in the side walls and relatively short, 
non-trochoid nepionic spirals on one hand, and the presence of dominating 
vertical structures in the lateral walls and relatively long, trochoid 
nepionic spirals on the other hand. 

The most common species of the subgenus Miogypsinoides is M. 
complanata SCHLUMBERGER, which as yet has a very wide morphological 
variation. It will be useful to subdivide this species into a number of 
others on the base of the average number of nepionic chambers, as has 
been done for Miogypsina s.str.. At the moment this is somewhat 
premature, however, as many of the described species of this group 
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(as there are M. complanata, M. bantamensis, M. ubaghsi, M. lateralis, 
M. sanjosensis and M. complanata mauretanica etc.) are still insufficiently 
known as to the more exact numbers of nepionic chambers. In any case, 
M. dehaarti may be separated on account of its very low Mx (smaller 
than 10). 

Miogypsina dehaarti VAN DER VLERK var. cupulaeformis ZUFFARDI- 
Comerct should be placed in the same subgenus as M. dehaarti. Though 
a non-peripheral position of the embryonic-nepionic stage is of sub- 
generic value elsewhere in the Miogypsinidae (subgenera Miolepido- 
cyclina, Miogypsinita), no subgenus can be based on a variant. So 
Conomiogypsinoides TaN Stx Hox, 1936, which was based on similar 
specimens, cannot be applied to our individuals. The validity of Tan’s 
subgenus was doubted among others by Hanzawa, but his reasons are 
not convincing. Still, there is the difficulty of evaluating the type species 
(Conomiogypsinoides cf. abunensis TAN, 1936). 


PHYLOGENY 


Comparing these Indonesian Miogypsinae with the species of the assumed 
phylogenetic development of the Miogypsinidae in the western hemisphere 
(lit. 3), we come to the conclusion that development in the western 
Pacific area was largely independent, as it resulted in some cases in 
morphologically differing species. On the other hand it will be very 
difficult to decide whether populations on either side of the Pacific, 
which are morphologically identical as to their main taxonomic features, 
were closely related with one another, or whether they are products 
of parallel or convergent evolutions in different stocks. 

It may be concluded with safety that from Muiogypsina s.str. (M. 
irregularis) haye developed Miogypsinae with elongately hexagonal 
chambers (M. polymorpha). The morphological end forms of this develop- 
ment have so far only been clearly described from the Indonesian region. 
As could be concluded already from the discussion on classification, it 
cannot be accepted with certainty that we are dealing with a completely 
independent lineage, though it should be considered to be most likely. 
It is well to repeat Tan Sry Hox’s opinion (1937b, p. 108) that possibly 
separate lineages (Miogypsina s.str. and Lepidosemicyclina) existed which 
may have shown local hybridization. 

The relations of the populations of Miogypsinae without lateral chambers 
appear still more intricate. Comprizing all these populations in the sub- 
genus Miogypsinoides, it is found that from America (lit. 2) only assemblages 
— though few altogether — have become known which have a high 
M, (15 or more). The populations of Miogypsina s.str. in this area begin 
with high Mx values (about 15 in M. thalmanni). On the other hand from 
the western Pacific area populations of Miogypsinoides with very low 
M, (M. dehaarti with Mx less than 10) are known; Miogypsina s.str. 
comparable to M. basraensis and M, gunteri have not yet been reported 
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here. Therefore, it is likely that in the western Pacific nepionic acceleration 
of Miogypsinoides led to such species as M. dehaarti before the addition 
of lateral chambers gave a further development of Miogypsina s.str. 
to M. antillea (M. tuberosa) +) and the more hypothetical side branch of 
the subgenus Lepidosemicyclina. Another minor side branch of Mio- 
gypsinoides may have led to the populations, which consist partly of 
conical individuals. 

Few stratigraphic details have become known yet to support the 
supposition that these morphological series are also phylogenetic series. 
Some evidence may be found in the stratigraphic distribution of the 
Miogypsinae in the well of North Borodino Island described by Hanzawa 
in 1940. Here, assemblages of Miogypsinoides with high My (greater 
than 10) are succeeded higher in the column by Miogypsina s.str. with 
shorter spirals and by representatives of Miogypsinoides close to or 
identical with M. dehaarti and M. dehaarti var. cupulaeformis. 


SUMMARY 


A revision, largely based on the original material, was given of the 
eight species and one variety of the Miogypsinidae that were described 
from Indonesia before the publication of the papers of Tan Sry Hox. 
Four of these species are considered to be valid in the more recent 
classification, to which they add new taxonomic units: Miogypsina 
thecidaeformis (RUTTEN), M. polymorpha (RutTEN), M. dehaarti VAN DER 
VuERK and M. dehaarti VAN DER VLERK var. cupulaeformis ZUFFARDI-— 
Comerci. The introduction of Lepidosemicyclina RutTEN as another 
subgenus of Miogypsina s.l. needs some additional evidence. It is considered 
recommendable to suppress the name Miogypsinella HANZAWA as a 
synonym of Miogypsinoides YaBR and Hanzawa. No reasons were found 
as yet to maintain Tan’s subgenus Conomiogypsinoides. 

From the morphological characteristics it is concluded that the 
Miogypsinidae in the western Pacific area developed largely independently 
of those of other regions of the world. A possibly endemic lineage is 
represented by M. theeidaeformis and M. polymorpha. Another peculiarity 
of the Miogypsinidae of this area is the development of conical Miogypsinae 
without lateral chambers. Finally it is considered possible that in the 
western Pacific Miogypsina s.str. developed from Miogypsinae without 
lateral chambers and possessing a reduced nepionie spiral (M. dehaarti) 
without the intercalation of populations referable to M. basraensis and 
M. gunteri. 
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Summary 


The object of this paper is to test a simple expression for the relative 
frequency of patterns of turbulence of various scales at different distances 
from the wall in a turbulent boundary layer. No distinction has been made 
between patterns of different form; a single type has been considered and 
the mean values of the squares of the three velocity components have 
been assumed to be equal at each given point. For the calculation of the 
momentum transfer use has been made of linearised equations of motion, 
supplemented by assumptions concerning a coefficient of friction and 
concerning the Lagrangian correlation function for the v-component of 
the velocity. The result of the calculations is a formula for the momentum 
transfer, which is compared with the well known experimental data for 
the distribution of the mean velocity; and rough estimates are derived 
for the magnitudes of various numerical coefficients in the formulae. 

Before coming to the frequency function some attention has been given 
to the results of TowNSEND’s observations on turbulent flow in a boundary 
layer and to his interpretation of these results as demonstrating the 
presence of longitudinal vortices. The properties of these vortices, how- 
ever, have only served as a rough guide. It is considered that a more 
detailed picture of possible patterns of turbulence could be introduced 
with some usefulness when more experimental data will be available for 
comparison. 


1. Introduction. — The following lines are an attempt to consider a 
few problems connected with turbulent momentum transfer in shear flow. 
A starting point was found in TowNsEND’s observations on turbulent 
motion in the wake behind a cylinder and in boundary layer flow, which 
have revealed the presence of longitudinal vortices extending in the 
direction of the mean motion 1). An interesting large scale example of 


1) A. A. TownsenD, The Eddy Viscosity in Turbulent Shear Flow, Philos. 
Magaz. (VII) 41, 890-906 (1950); The Structure of the Turbulent Boundary Layer, 
Proc. Cambr. Philos. Soc. 47 (Pt. 2), 375-395 (1950). — These papers also give 
references to former publications. 
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such eddies can be seen when a strong wind blows over a sandy plain or 
beach: the sand taken up by the wind moves in thin sheets or ribbons, 
constantly shifting to and fro and folding and curling about the stream- 
lines. 

The motion in these vortices is three-dimensional. We take the x-axis 
parallel to the mean flow, the y-axis perpendicular to the wall. The velocity 
of the mean flow, U, is a function of y, and U' = dU/dy. The vortices are 
stretched in the direction of the a-axis, although there may be small 
deviations. In the vortices there is an appreciable u-component together 
with the v- and w-components, and the plane of the circulatory motion is 
inclined with respect to the Oyz-plane. The vorticity vector makes an 
angle with the w-axis of the order of 45°. If the rate of shear dU/dy of the 
mean motion is positive, the w-component will have such a phase relation 
to the v-component that the mean value wv becomes negative. — The 
mean values ww and vw are zero. 

TOWNSEND believes that in boundary layer flow these longitudinal 
vortices for the greater part are lying against the wall. The similarity of 
the turbulence at different distances from the wall, the importance of 
which has been pointed out by von KARMAN in 1929 ”), receives a simple 
explanation in this way. 

Another important feature which has come out of TOWNSEND’s work, 
is the apparently rather sharp division of the field into a non-turbulent 
type of flow and a turbulent type, at the outer limit of the boundary 
layer. The surface separating the two types of flow is not stationary, but is 
subjected to irregular wave motion, the waves moving downstream with 
the general flow. The presence of such a separating surface has been con- 
cluded from the phenomenon of “intermittency’’: when a hot wire finds 
itself near the outer limit of the boundary layer, it is observed that a 
rather undisturbed form of motion and a characteristically turbulent 
motion alternate with each other. When the wire is moved away from 
the wall, the undisturbed type becomes preponderant and turbulence 
disappears from the field; on the contrary, when the wire is moved inside 
the periods of quiet flow disappear. Attention has been directed to this 
phenomenon by BATCHELOR °). 

A similar sharp division between a domain of turbulent flow and one 
of non-turbulent flow can be observed in other cases. A curious example 
was once seen with a centrifugal pump with doubly-curved blades, working 
in a circuit which could be closed by a valve on the high pressure side of 
the pump. When the valve was partly closed (there still was a small flow 
through the pump), it was observed that in the upstream duct, part of 
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which was formed by a glass tube of 5” width, a rotating turbulent flow 


*) Tu. von Karman, Mechanische Aehnlichkeit und Turbulenz, Géttinger 
Nachrichten, Math.-Phys. Klasse, 58-76 (1930). 

3) G. K. BarcuEtor, Note on Turbulent Free Flows, with Special Reference 
to the Two-dimensional Wake, Journ. Aeron. Sciences 17, 441-445 (1950). 
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was propagated against the direction of the main flow, with a clearly 
marked front. The turbulence was shown through the motion of air 
bubbles or of coloured material, injected at some distance farther up- 
stream; the air or the coloured material moved in a straight line with the 
flow approaching the front and, as soon as the front was reached, showed 
the sudden onset of the rotation. When the valve was closed more and 
more, the front moved farther upstream (a maximum distance of 150 cm 
could be observed); when the valve was opened, the front retracted 
towards the pump and disappeared as soon as the velocity of the main 
flow surpassed a certain percentage of the value corresponding to the 
normal working condition 4). 

A case of different nature, but likewise demonstrating the sharpness 
of a front of turbulent motion, can be observed when some coloured salt 
(e.g. copper sulphate) is put on the bottom of a beaker containing water 
and is dissolved by gradual heating from below, without stirring. Con- 
vection currents arise, carrying dissolved salt with them. Since the 
dissolved salt increases the density of the liquid and thus counteracts the 
buoyancy due to the heating, the presence of the cold water higher up in 
the beaker at first prevents the convection currents to extend over more 
than a limited height. There establishes itself a continuous circulation 
between the bottom layer and a certain front at some distance above the 
bottom, which front is marked by the sharp difference in colour below 
and above it. The front does not remain flat, but shows an irregular wave 
motion. Vapour bubbles rising below the front do not penetrate it. In the 
course of the process the front gradually rises, still keeping its well marked 
appearance, although the wave motion increases. At the moment at which 
it reaches the upper surface of the water in the beaker the whole mass 
comes into boiling. — There may be seen some slight colouring above the 
front, due to molecular diffusion of the salt; in this way the effects of 
transport by ordinary diffusion and transport by turbulence can be seen 
side by side. 

These phenomena demonstrate that the propagation of turbulence 
shows features resembling the propagation of a compression wave in a gas, 
which tends to assume the form of a shock wave. Such phenomena are 
characteristic for cases where the velocity of propagation increases with 
the intensity of the phenomenon itself; they are a typical effect for motions 
governed by certain non-linear equations. 


4) The experiments were carried out by Professor J. C. DyxHoorn and his 
assistants in one of the laboratories of the Department of Mechanical Engineering 
at the Delft Institute of Technology in 1921 and later. Publications referring 
to the experiments have been made by F. H. Wiyrman, G. H. vAN HENGEL and 
W. L. Scumip in ‘De Ingenieur”’, 43, W 149—-W 153 (1928); 44, W 11-W 12 and 
W 172— W 180 (1929). These papers, however are concerned with the origin of the 
rotation and with the influence of the form of the blades upon its intensity; they 
do not give attention to the motion as a particular form of turbulence. No photo- 
graphs seem to have been taken of the phenomenon. 
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When we consider the motion in a plane section of a boundary layer 
perpendicular to the direction of the main flow, there is a marked analogy 
with the case of the dissolving salt. The vortices (now seen in cross section) 
produce the rising and descending movements; instead of transport of 
matter, there is transport of negative momentum from the heavily retarded 
layers of the main flow near the wall towards layers higher up. The gradual 
increase of the thickness of the turbulent domain, which in the case of the 
dissolving salt is due to the continued heating and occurs in time, is a 
consequence of the wall friction in the case of the boundary layer and occurs 
in the x-direction (direction of the main flow). We may presume that in a 
similar way as the up and down motions in the layer of dissolved salt are 
caused by density differences, the up and down motions in the boundary 
layer will be due to a coupling of the velocity component perpendicular 
to the wall with the transferred momentum, which coupling will depend 
in magnitude on the velocity gradient of the main flow. 

The relative sharpness of the front, which proves that it constitutes a 
practical limit for the turbulent eddy motion, is of more importance than 
its wavy character which causes the phenomenon of intermittency. In 
view of the difficulties which would be introduced when attempting to 
account for the motion of the front, we shall consider it to be stationary. 


2. Since the turbulent velocites usually are no more than a few percent 
of the velocity of the mean flow, one is tempted to use linear equations to 
describe those features of the turbulence which depend on the coupling 
between turbulent motion and mean flow. The coupling between the 
various components of the turbulence, down to those with the smallest 
linear dimensions, cannot be fully represented by such equations; it will 
be necessary therefore to supplement the equations by certain hypotheses 
in order to make up for their deficiences. 

For this reason there does not seem to be much point in writing down 
the exact viscosity terms in the equations, as given by NAvrer and Stokes. 
We shall content ourselves with the assumption of an average frictional 
force proportional to the velocity. The magnitude of the friction will be 
supposed to depend, on the one hand, on viscosity; on the other hand, 
on the intensity of the turbulence. 

We consider boundary layer flow along a plane wall and assume that 
the thickness a of the turbulent boundary layer is very large compared 
with the quantity 1 =»/v,, where v, = (t/e)*, t being the frictional force 
exerted by the flow on unit area of the wall, 9 the density and y the kine- 
matic viscosity of the fluid. With high Reynolds numbers the ratio aly 
can be well over 10.000. We neglect the change of a with a (this change 
will be considered in sections 11 and 12). Between the domain of the 
turbulent flow and the wall there is a laminar “sublayer”’, with thickness 
of order of magnitude ». 

The velocity components of the mean flow are: U , 0, 0; those of the 
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turbulence: u, v, w. At the wall U is zero; it increases with y until it takes 
a constant value, to be denoted by V, for y >a. The shearing force t 
between adjacent layers of the mean flow decreases from its maximum 
value tT) at the wall towards zero at the limit of the boundary layer. We 
describe the turbulent motion with the aid of the following approximate 
Lagrangian equations for the motion of an element of volume: 


Coie = —ko(u—U)+ Kov + F, 
(1) odv/dt = — kov— Ko(u—U)+ F, 
|] odw/dt = —kow + F,. 


The forces acting on the element, which occur on the right hand side 
of the equations, are made up from several parts. In the first place a 
frictional term has been introduced, proportional to the difference between 
the velocity of the mean flow and the velocity of the element. This force 
must be considered as the averaged value of forces acting upon a whole 
group of elements of volume, moving together for some time. It will be 
supposed that the coefficient k is given by: 


(2) k = a, »/D? + a, JS/D, 


where a, and a, are two numerical constants; D is connected with the 
diameter of the group of elements and J represents the intensity of the 
turbulence. For general turbulent motion these latter quantities will be 
defined in section 6. When the equations are applied to vortex motion of 
the type as described by TowNSsEND, we relate D to the diameter of a 
vortex, while for J we take the mean value of v? over the whole vortex. 
Since J will be of order v,, the second term of (2) will be preponderant 
for all D> 7. 

It has been thought that along with this frictional force some further 
terms should be introduced, representing a coupling between the turbulent 
velocity components themselves. This coupling should not bring about a 
production or a loss of energy. Starting from a general linear expression 
oKiju;, where u,=u—U, u=v, Uz =w, we require: LKyusu; = 0. 
This leads us to suppose Ki = 0 and Ki = —K,y. Further, since positive 
and negative values of u, = w will be equally probable and will not be 
correlated with the values of u, and wu, we take K,, = K,,;=0. There 
remains K,, = —K,, (= K for short), which obviously should be connected 
with the rotation U’ of the mean flow. Since the dimensions of K and of 
U’ must be the same, we assume K to be proportional with U’: 


(3) oases", 


The introduction of a term of this nature is a tentative procedure. Its 
importance will become apparent in section 4. It is supposed that « will 
be small compared with unity. Perhaps « might depend on the ratio v,/V. 
We shall treat it as a constant. 
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The remaining part of the force, represented by F',, Fy, Fz, should be an 
irregularly varying quantity, not linearly related to the values of u,, Us, Us. 
The introduction of forces depending on the two coefficients k and K 
makes it possible to require: 


(4a) Fi(u—U)+ F,v+ F,w=0; 
(46) Fv = 0. 


The mean values appearing here are time mean values, taken at a fixed 
level y. Equations (4a) and (4b) can be considered as defining the coeffi- 
cients k, K. 

We write u, = u — U. For an observer following an element of volume 
in its motion, we have dU/dt = U' v. Equations (1) consequently can be 
written : 


\ du,/dt + ku, + (l—a) U'v= F,/o 
(1a) « du/dt + kv + aU' u, = F,/o 

/ dw/di + kw = F,/o. 
If « is a small quantity, its influence in the first equation will be almost 
negligible. Its main effect is given by the term ~«U'u, in the second equa- 
tion, which term may perhaps be considered as an analogue of the 


“buoyancy effect”? produced by the heating of the solution mentioned in 
section 1. 


3. Application to vortex motion. — We re-write equations (la) in the 
Eulerian form and replace F,, Fy, F, by the gradient of a pressure p: 


du, [dt + U du,/oe + ku, + (1—a) Uv = — 5 b/d 
(5) dw/t + U dvfax + kv + aU'u, = = = play 
w/dt + U ww)re + kw = a ; dp/dz. 
To these equations we add the equation of continuity: 
(6) du,/dx + V/dYy + Iw/da = 0. 


A type of motion satisfying (5) and (6) can be found if we assume U,V, W 
and p to be independent of ¢ and x. We write: 


(7) uy=9,(y)sinez; v = pa(y) sin cz; w= 3(y) coscz; —plo = &(y) sin cz, 


where 9, ¢, Ys, ® are functions to be determined, while c is a constant 


(reciprocal of a length). When these expressions are substituted into (5) 
and (6) we obtain: 


(l1—a) U’ 


= 1 eee 
(7a) = — 7 Pah a= = as De es 


os 
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and: 
(8) Po + 7 {x (1 — a) U’*/k? —1} p, = 0. 


We shall consider U’ as a given function of y and use the logarithmic law 
for U in the form: 


ea = 0) for y>a 
(9) (U'=Cly for a>y>y, 
/ U'=Cly, for y,> y. 


Here C is a constant having the dimensions of a velocity and y, must be 
adjusted in such a way that C/y, = t)/(ov). This makes y, to be of order 7. 
It is not necessary to take the origin for y exactly in the wall; we may 
suppose it to be situated at some distance of order 7; the empirical data 
leave this possibility open. 

As boundary conditions to be satisfied by the solution of eq. (8), we 
require that g, shall be zero at the wall and at the outer limit of the 
boundary layer, y = a. With l/c > 7 it will not matter if we shift the zero 
point near the wall over a distance of order 7. When 1/c <a, the con- 
dition referring to y = a may be replaced by the condition that g, shall 
vanish at infinity. 


4. With vortices of dimensions large compared with 7 we can restrict 
to the second part of form. (2) for k, which makes k inversely proportional 
to the parameter D. For vortices of a given type this parameter will be 
proportional to l/c; hence for such vortices k/c will be a constant. We 
shall write: 

o(1 — x) C* c*#/k? = m?*. . 


In the domain a > y > y, equation (8) now takes the form: 
$2, + (m*/y* —c*) Y, = 0. 

By introducing = cy this becomes: 

(10) d?g,]dé? + (m?|8 — 1) Gy =0. 


Evidently m must play the part of an adjustable parameter in this 
equation. This demonstrates the importance of the coefficient «: if « 
should be replaced by zero, the equation would reduce to d?p,/d&* = @», 
with the solution g, = Ae’ + Be~*. This cannot satisfy both boundary 
conditions unless A = B = 0, which is useless °). 


5) It also follows that « must be positive. Indeed, with a negative « (and also 
with «>1), m* would become negative and (10) would give: 
sign (d*p,/d&*) = sign pp. 
In a similar way as is found with the solution of d*p,/d&* = g,, the solution of 
(10) in that case could have at most a single zero on the real axis. 


In order to have two or more zeros, an oscillatory character is necessary, which 
requires a positive value of m? in (10). 
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It is to be observed that eq. (10) reduces to the latter equation when 
y >a, which makes U' = 0. The motion represented by the function @ 
obtained in that case is irrotational. Since we require gy, = 0 at y = a, we 
will obtain gy, = 0 for all y > a. When the field is not stationary, so that 
the limit between boundary layer and the rest of the field is subjected to 
some form of wave motion, gy, will not be always zero at y = @; in that 
case there will be irrotational motion outside the boundary layer, while 
inside the vorticity is different from zero. The outer limit of the boundary 
layer thus will be the limit of the domain beyond which vortex motion is 
not transported. 

When ¢ satisfies the inequalities 7 < 1/e <a, a solution can be found 
satisfying both boundary conditions, for any value of m, by writing: 


G2 = Ey (2). 
The following equation is obtained for 7: 
(10a) Pores eee ee 


where p? = m? —1/,. It follows that, apart from a constant factor, x is 
given by a Bessel function of imaginary order and argument. The parti- 
cular Bessel function which goes to zero for § > co, can be represented 
by the integral: 


(11) K,,(é) = fade e* aah! og pi. 
0 


When p > 0 there is an essential singularity at § = 0 and for small real 
and positive values of € the integral behaves approximately as: ) 


7 4 Ms e 4 
(Ssanas) cos {p In (€/2) — arg I'(ip)}. 
When p = 0 we have the ordinary Bessel function Ky and there is a loga- 
rithmic singularity only: 7) 


K,(&) = In (2/&) — 0,577 for € > 0. 


The presence of the factor £ in y, makes that v tends to zero when y 
becomes very small. The values of w become of order of magnitude 
(cy,)~*, in a layer of thickness of order n. 


8) For data on these functions I am indebted to Professor Dr A. VAN WusNn- 
GAARDEN at Amsterdam, to whom I should like to express my thanks also here. 
Tables have been given by 8S. P. Moraan, Tables of Bessel Functions of Imaginary 
Order and Argument, Calif. Instit. of Techn. (Pasadena, Calif. 1947). 

For p>0 we have: arg I(ip)~—a/2—yp, and cos {p In (§/2)— arg I'(ip)}x 


= sin {pIn(é/2) +yp} =~ p{In (2/é) —y}, where y is Euler’s constant ~ 0,577. 
) See A. Gray, G. B. Maruews and T. M. MacRosert, Bessel Functions 


21/22 and 313/314 (Cambridge 1931); or G. M. Warson, Bessel Functions, 78, 
698-713 (Cambridge 1944) 
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For large values of £ an asymptotic development is possible, starting 
with: 


a\'ls _. 4p?+1 
K,,() = (F) € 31 =a + mae 
Hence, independently of the value of p, the function g, for very large 
values of y always approaches to const. exp (—cy), leading to irrotational 
motion. 

In view of Townsenb’s description we consider the type of motion 
obtained with p= 0, which gives the simplest form of vortices, as the 
most probable one. TownsEND believes that most of the viscous dissi- 
pation of energy occurs in a very thin layer close to the wall; this may 
support our result which gives high values of w near the wall. 

The value p = 0 gives m* =1/, Having regard to the definition of m 
and substituting the second term of eq. (2) for k, we obtain the relation: 


12 SE ted ag OS 
(12) «(1 Oesat s 


5. The vortices considered above cannot be used as a basis for a 
complete statistical picture of the turbulence in a boundary layer. In 
particular, since every vortex has its proper value for the coefficient £, 
superposition is impossible. When we should attempt to put the vortices 
alongside each other, difficult questions turn up concerning what there 
may be between them. Finally the circumstance that we have assumed 
the motion of our vortices to be independent of z and t would need 
adjustment. 

Nevertheless the vortices can help us to construct a provisional picture 
of the turbulent motion. In section 6 we shall introduce a more general 
point of view. 

We consider an observer placed at a distance y from the wall, where 
y > 7. We suppose that the pattern of turbulence, as seen by this observer 
in his immediate neighbourhood, at any instant of time can be assimilated 
to a part of the field of one of our vortices, with the proper value of D, 
the value of m? either being 1/,, or adjusted so that the condition gy, = 0 is 
satisfied for y =a. The statistical description of the turbulence for this 
observer will then contain the following data: 

(I) the probability P(D) dD/D of the occurrence of vortices with dimension 
D (the factor D in the denominator has been introduced to make P 
dimensionless) ; 

(II) the average overall intensity J(D) of these vortices, which quantity 
must be multiplied by a function y(y, D) depending on the field within 
the vortex. 

It is convenient to define J and y with reference to the value of v?. From 
what has been mentioned concerning the solutions of eq. (8) we can 
expect that for values of y satisfying a>y> 7, the function y will 
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depend on the ratio y/D alone. We can also expect that for relatively 
large values of this ratio there will be an exponential factor of the form 
exp (—fy/D). This factor automatically will cut out vortices with D much 
smaller than y. The function p should satisfy the condition that it shall 
vanish for y = a. So long as y <a, this condition will be of little influence. 

A general representation of the spectrum of the turbulence, as seen by 
our observer, will now be given by the expression: 


(13) P(D) J(D) ply, D) dD/D. 
When y <a, this reduces to the form: 
(13a) P(D) J(D) yly[D) aD. 


In order that, for y <a, the turbulence shall present a similar character 
at all distances from the wall, with a scale of length proportional to y, it is 
necessary that the product P(D)J(D) shall be independent of D. We 
can strengthen this assertion and require that both P(D) and J(D) shall 
be constants. It is useless to keep the factor P(D) explicitly in the formula; 
we shall suppose that it is taken up in the function y. 

It is convenient to normalize y so that in the domain y <a: 


(14) fv (y/D) dD[D = 1. 


6. We now leave aside the vortices and construct a more general 
picture. Since the most important quantity to be considered is the 
momentum transfer, we first deduce a formula for —u,v. For this purpose 
we return to eqs. (la) and integrate the first one, which gives: 


ty = — f dt! {1 —a) U' (tt) v(t #) — > F,(t—t')}. 
We multiply by —v(t) and take the mean value: 
(15) — uyv = (1 —a) f dt! e*” U' (t —#/) v(t —#) o(, 
0 


where we have assumed F,(t—t') v(t) = 0, in analogy with (4b). We 
introduce: 


(16) p(t) = U'(t) v(t); g(t—t’) = U'(t—t’) v(t —?’), 


and obtain: 


(15a) 14) = ae | die Mere ee 
0 


Ree ‘ . ‘ 
The use of a “weighted” correlation function for v, through the intro- 
duction of the factor U’, is considered necessary in view of the fact that 
near the wali U’ is a rapidly varying function of UE 
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The mean value occurring under the integral sign in (15a) must be 
obtained as follows. We imagine a fixed area S parallel to the wall at the 
distance y, and divide S into a large number of small elements of equal 
size. At the instant t we consider the likewise small elements of volume 
of the fluid passing through all these elements of area and determine their 
velocities ». Around every element of area there will be a certain region 
of S in which the values of v will have the same sign as the v of the element 
itself. We define the parameter D by means of the rule: D = 4 times 
(area/circumference) of this region (which makes D equal to the diameter 
in the case of a circular region). The definition is based on the idea that 
the frictional force on the portion of fluid is determined by boundary 
layer effects and thus by exterior surface area, whereas k is calculated 
per unit volume. The ratio (volume/exterior area), which would involve 
an unspecified dimension perpendicular to S, for convenience is replaced 
by (cross sectional area/circumference). 

We further assume that the observer can procure records of the past 
history of all the small elements of volume which cross the elements of 
area of S at the instant ¢, so that he will be in possession of data concerning 
the values of y(t—t’) and v(t—t’) for all these elements of volume. Since 
y(t—t') determines the values of U'(t—t’), he can calculate the values of 
g(t—t') for the past history of any such element. 

To calculate the mean value occurring in (15a) we first take together 
all those small elements of area for which the corresponding D is situated 
between two limits D and D+ dD. This gives “special mean values’’, 
which we write: 


(17a) J (y,D) = g(t? | (U'):; 
(176) Rts y,D) = o(t—t) e)/e(?. 


Hence R(t’; y, D) represents a ‘‘weighted”’ Lagrangian correlation function, 
referring to a particular y and D, while J(y, D) is the corresponding 
intensity of turbulence ®). 

In the mean value occurring in (15a) correlation functions derived tor 
all possible values of D are combined, each with its corresponding factor 
exp (—kt’), & being obtained from (2). The average percentage of the area 
S which at any instant is occupied by elements of area with values of D 
between D and D + dD, will be denoted by p(y, D) dD/D, the factor D 
in the denominator again serving to make p dimensionless. This function y 
is essentially the same as the function yp introduced in section 5, with the 
factor P(D) taken into it; it is now defined in a way which does not make 
explicit reference to the vortices. 


8) From the definition of g(t) given in (16) it follows that J(y,D) = (x), p» 
that is, the mean value of v? at the distance y from the wall for the pattern with 
dimension D. No attention is given here to the frequency of appearance of this 


pattern. 
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With the aid of the function y equation (15a) can be written in the form: 
(18) — wv = (1—a) U’ (eS (y, D) T(y,D) ad ew Rg, ). 
0 0 
At the same time we have: 
(18a) = { 2oy,d)IW.D), 
0 


where now v? indicates the time mean value of v? at the distance y from 
the wall, having regard to all patterns and to the frequency of their 
occurrence. 
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7. We introduce the following assumptions concerning the functions 
J, Rand y. F 
(a) To begin with we assume: 
(19) J = v%/B, 
where 6 shall be a numerical constant independent of D and y. 


(b) Inthe second place it will be assumed that for purposes of integration 
the function R can be approximated by 


(20) Rit’; y, D) = exp (—#'/6), 

where § is a “correlation time’. We put: 

(21) Tre J 9; 

then Z can be considered as a “‘correlation distance” or “ideal free path”’ 
in the direction perpendicular to the wall, for a given D and y. It seems 
logical to suppose that L will be proportional to y when y is small; and 


proportional to D when D is small. Such a relation will be given e.g. by 
the formula: 


(22) L = (D/x3) tanh (oy/D), 


where «x, and «a, are numerical constants. 
(c) The following expression will be used for yp: 


(23) Y = Yo(s)- (1 — y/a), 
with s = py/D (B being a numerical constant) and 
(23a) i, (8) = 87 eo. 


So long as y <a, the factor (1 — y/a) can be omitted and y can be con- 
sidered as a function of y/D alone, having a maximum at y/D = 2/6 and 
satisfying (14). The formula assumes that v ~ y for small y/D, while v is 
expected to decrease exponentially for large y/D. At first the expression 
Wp (8) = se * had been tried, which would correspond to v ~ y" for small 
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y/D and thus would more resemble the conditions present in the vortices 
considered in section 4. In an attempt to apply the formula for y for 
values of y pompameer with 1, it was found, however, that the assumption 
Wy (8) = ste-* gave more satisfactory results (compare section 13 and 
footnote 15). 

The introduction of the factor (1 — y/a) into (23) ensures that y will 
vanish for y = a. As mentioned before, the assumption of a fixed limit is 
a crude approximation which neglects the intermittency phenomenon 
near the outer limit of the boundary layer. The factor presupposes that 
near this limit v2 ~ a —y; this would be compatible with the idea of a 
constant deceleration of the v-motion near the limit, an idea which can be 
retained also when the maximum height should be made a variable 
quantity. — For very large D, the exponential factor in (23a) approaches 
to unity for all y, and w reduces to (fy/D)? (1 — y/4), ), which has a maximum 
at y = 2a/3. 


8. We return to formula (18). Making use of (20) we obtain: 


6 


(24) f dt’ eR; y, D) = (k + 1/0) = pag 


When y > 7 values of D of order 7 will not contribute appreciably to (18). 
We therefore omit the first term of (2) — its influence will be considered 
in section 13 — and use k = «J '*/D. Multiplying the integral by J", we 
obtain an “effective free path’’: 


Dtanh «,y/D 


745) as r ! p—ki’ t. = —WH a — 
( ) Lote J 1 ae é Rit Y; D) % 3+, tanh a,y/D- 


We define a “‘mean effective free path” by the formula: 


; 7 dD 

(26) Lee = |S vo(BylD) Lew = coy, 
0 

where the coefficient cy can be represented by: 


27 ae {ds tanh «, s/B 
oD) “o lke Yo(s) 1+-(a,/a3) tanh x, s/B’ 


which is dependent only on the values of the ratios O/%3, B/X%3, BJ, With 
this notation equation (18) gives: 


a) — uv = (1 —a) egy (1 —y/a) JU". 


In the domain defined by a> y > », the factor (1 — y/a) can be omitted 
(the case where y approaches a will be considered in sections 11 and 12). 
From the equation of motion for the mean flow it follows that in this 
domain: —uv = t/o = v,. Hence U' must be inversely proportional to y 
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in this region, which of course is a consequence of the similarity hypotheses 
introduced in section 7. Making use of (19) we obtain: 


} B')s v 
(29) ee Hae y for aS y> 7. 


Comparison with the formula given by von Karman shows that in terms 
of our coefficients voN KarMAN’s coefficient x is given by: 


(30) x =(l—«)c, Bh. 


The experimental value of x is about 0,4 9). 

In the present treatment we must still investigate whether the dissi- 
pation condition is satisfied. Evidently we cannot make use of the relations 
between u,, v and w expressed by formulae (7) and (7a). The simplest 
assumption is to take uj = eawe=ads (compare footnote 8). We multiply 
eqs. (la) by w, v, w, respectively, add the results and take the mean 
value. On account of (4a) this gives: 


(31) ok(u2 + v? + w) = 30kJ = —ouypU'. 


We restrict to the domain a> y> 7. Using formula (2) for k, the left 
hand side of (31) becomes, for a single value of D: 


30g Vag 
Bh D* 


304 VT 
Bee 


To find the average value for all possible D we multiply by p(y/D) dD/D 
and integrate, which gives: 


180, Bray 6X» Dy 


PB y ' BB Oy: 


The second term of this result is far more important than the first term, 
which can be neglected. 
The right hand side of (31), for values of y in the same domain, becomes: 


Comparison of this expression with the second term of the preceding one 
gives: 


(32) BB = 6 (1 — «) ea, /f. 


%) It may be observed that in the theories of von KArMAN and of PRANDTL 
a “mixture length” / is introduced which is given by xy (compare e.g. S. GOLDSTEIN, 
Modern Developments in Fluid Dynamics, Vol. II, p. 332) (Oxford, 1938). Hence: 


l=xy=(1—«) Bl Leg - 
We further note that the coefficient C introduced in (9) is given by: 


C=x—1 vy =4 1 Ba S"hs. 


140 


9. It is of interest to investigate whether suitable numerical values 
can be assigned to the coefficients we have introduced. For this purpose 
we make use (27), (30) and (32); in (30) we take x = 0,40 as an empirical 
datum. To simplify we replace « by zero. 

Since there are 5 quantities to be determined (the ratios a/x 3, 4/Xg, 
Blog; and cy, B) it is necessary to look for further data. 

Having regard to (22), which for small y gives: L/y = o4/a3, it has been 
thought that «,/«, = 0,4 will be a convenient guess. 

In order to obtain an estimate for «»/x3, we make a comparison with a 
formula given by Drypen for the dissipation in homogeneous isotropic 
turbulence: 1°) 


dissipation per unit volume = 3 Ao(u2)*/ jee 


where A is a coefficient with the empirical value 0,2056, while Lp is defined 
as fg(r)dr, g(r) being von Karman’s transverse correlation function for 
isotropic turbulence. We will assume that this expression holds separately 
for all the components of various scales out of which the turbulence is 
built up and take u2=J. For a single component DrypDEn’s formula 
then gives: 


dissipation = 3 A 9 J "/Lp, 
whereas the left hand side of formula (31) gives: 
dissipation = 30kJ = 3a,0J "/D, 


or, if we introduce the “ideal free path”? LZ defined by (22) for a given D, 
taking y = oo since there is no wall in this case, so that ZL = D/asy: 


dissipation = 3 =! od h/D, 
3 


Both expressions have the same structure; hence we can make a com- 


parison without being obliged to consider the spectral distribution. In 
this way we arrive at: 


Oe 
L|Lp = 2A. 


Since L, is a Eulerian correlation length (defined as a characteristic of 
the field at a single instant), whereas LZ is a Lagrangian correlation length 
(defined with reference to the history of an element of volume), the two 
quantities need not be equal. Hence we can only conclude that X»/x3 and 
DRyYDEN’s coefficient A must be of the same order of magnitude. We shall 
make a calculation with the following four values: 


X/X3 = Us 0,4; 0,2; Uae 
With these values and q,/a; = 0,4 an appropriate value of 8/x,; can be 


10) H. L. Drypren, A Review of the Statistical Theory of Turbulence, Quart. 
Appl. Mathem. 1, 7-42 (1943) 
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found by trial. The following results have been obtained — as mentioned 
before with « = 0 in (30) and (32) —: 1) 12) 


X/ a3 O4/ Os B/ ag Cy B x (check) 
0,8 0,4 3,27 0,334 0,70 0,40 
0,4 0,4 1,82 0,325 0,655 0,40 
0,2 0,4 1,08 0,305 0,58 0,40 
0,1 0,4 0,70 0,28 0,49 0,40 


We come back to these results in section 14. 


10. There is something curious connected with DrypEn’s dissipation 
formula which also applies to the calculation of the dissipation from the 
second term of formula (2) for k. 

When one pictures turbulence as the result of the motion of portions of 
fluid with diameter of the order of D and velocities of the order v, = (t)/0)"”, 
one will expect transition regions or miniature boundary layers to appear 
between these portions, and it is natural to suppose that the dissipation 
of energy mainly takes place in these regions. If the thickness of a transition 
region is indicated by 6, the velocity gradient will be of order v,,/6; the 
average dissipation per unit volume of a transition region is of order 
ov(v,,/6)?; and, since the average aggregate volume of the transition layers 
per unit volume of the field will be of order 6/D, the average dissipation 
per unit volume of the field will be of order gvvz/5D. When this shall be in 
accordance with DrypxEn’s formula, we must have: 6 ~»/v,. 

Ordinary boundary layer theory, however, will give: 6 ~ (yD/v,)". 
This result is not appreciably changed if we consider time-dependent flow 
and work out the case of two domains of fluid approaching each other. 

A way out of the difficulty seems to be the assumption of a cascade 
process. If the transition region of thickness 6 is broken up into portions 
having cross dimensions of the same order, we may suppose that these 
portions will move as separate entities. If their relative velocities again 
are of the order v,,, we shall obtain new transition regions with a thickness 


11) The calculations have been done roughly, since the only purpose was to 
obtain an idea of the order of magnitude of the coefficients and of the direction 
in which they change when o,/«, is varied. 

12) Jt may be observed that, although « has been taken zero in these calculations, 
we still can find a rough value of « if we make use of equation (12), with the value 
of C given in footnote °): 


ON 7 ATA ORE OFT B * 


Evidently the result will depend on the relation we suppose to exist between c 
and D; it thus will present a certain arbitrariness. If we assume that the exponential 
factor exp (—fy/D) in y, as given by (23) and (23a), shall correspond to exp (—2cy) 
in g,2, we find c = f/2D. We then obtain: «(1—a) = *(a,/f)? Bt, which in the 
four cases considered assumes the values: 0,0137; 0,0118; 0,0094; 0,0066, respectively. 
This would lead to a value of « of the order of 0,01. 

10 Series B 
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of order: v/*D'*v,"*, The next step in this process will lead to transition 
regions with a thickness of order yD'*y,'*. The limit evidently will be 
of the order of magnitude »/v,, which is equal to the thickness 7 of the 
laminar sub-layer along the wall. 

In view of TowNsEND’s assertion that the major part of the energy 
dissipation in the boundary layer seems to take place by direct viscous 
action in a thin layer close to the wall, we may conclude that an important 
feature of the turbulence in the boundary layer is the formation of thin 
vortex sheets, with a thickness of order 7, which so to speak are drawn 
out of the laminar sublayer and are rolled up into tubular forms, with the 
axis approximately parallel to the direction of the main flow. In the case 
of a heavy wind blowing over a sandy plain these tubular sheets are to be 
seen by the amount of sand they carry, which has been taken out of the 
sublayer simultaneously with the vorticity. 


11. When we consider values of y not small compared with a, the 
similarity hypothesis is no longer strictly valid. The assumption that a 
factor (1 —y/a) should be present in the formula for the function y, 
causes this factor also to turn up in eq. (28) for —u,v = t/o and we obtain: 


(28a) tle = (1 —«) egy (1 —y/a) JU’ = xv, (y —y?/a) U’, 


where use has been made of (30). The quantities U, t), v, and a now must 
be considered as slowly changing functions of the coordinate x (measured 
in the direction of the mean flow). We apply the momentum equation for 
boundary layer flow, written in differentiated form: 
oU Oo /G 0 (a 

Se) lire e ira) eal 
Here U, is the very small component of the velocity of the mean flow 
perpendicular to the wall; U' = )U/dy as before; and o is the normal 
pressure, exerted per unit area on an element of a plane perpendicular to 
the x-axis in consequence of the turbulence. We suppose that o will be 
proportional to t and assume: 


(280) | alo = yvs (1 — y/a), 


y being a numerical factor of order unity. 

In order to reduce (33) to an ordinary differential equation we introduce 
the stream function Y for the mean flow and suppose that it is a function 
of the single variable v,y (this is the case with the stream function for 
the simple logarithmic law). Then: 


U =d.Whpy =v, ; U, = — Wx = — y®" (dr, /dz), 


where ¥’ = d¥//d(v,y). Since U' = v4", it follows that the left hand side 
of (33) can be brought into the form: 


x (P")? (dv, |dx) = (U*/v4) (dvg[dz). 
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We shall write: z = xV/v,; 4 = (a/x?)(dz/dx), where as before V denotes 
the constant velocity of the flow outside the boundary layer. It will 
appear that / is of order 1/z. Making use of (28a) and (285), equation (33) 
now becomes approximately: 

ores AU? da v* 
(34) (Uw -yla)} =-Tpt tere. 


adxxna 


The first term on the right hand side is of order 1/z; the second term is 
of order 1/z*; a term of order 1/z* has been neglected (although it might 
be retained). It is required to find a solution giving a finite value of U” at 
y =a, which leads to the condition: 


aad da v 
Uyea =AVia — t=. 
12. Equation (34) can be solved by starting on the right hand side 
with U = V and neglecting the last term, which gives: 
W=AViy> U=V+AV inyja. 


The latter value is now substituted on the right hand side, which leads 
to a corrected value of U. The following result is obtained in this way (if 
again we restrict to terms of order 1/z, 1/z?; if desired the process can be 
carried to a higher approximation): 


: ns y * dy a  yV daa—y 
(35) CES Ad gM aN ee Tse de kc 
y 
where: 
i ot eae 
ages 


For values of y small compared with a, we find: }’) 


oe V da. 
(35a) Ux~V+i4,V n= —3,298V +5; 
(35d) U' ~ A, Vy. 
The logarithmic law, which is valid in this domain, gives: 
(36a) ian “s In an == In oye 
(365) ' = Uy/xY, 


where C, is a numerical constant for smooth walls, for which an empirical 
value of about 9 is mentioned. Comparison gives: 


Ay = %4/xV = 1]z; In (Cyav,/v) = 2 (1 — 3, 292 + sgpalb 


13) Use has been made of the definite integral: 


ss = —- = G= = Me 644, 
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A first approximation is 2 = 1/z; In (C,av,/v) = 2, from which: 
a = (v/x0, V) ze’. 
Recalling the definition of A we then find 
(a/x?) (dz/dx) ~ 1/2, 


and integration gives: 
ze” ow 08 C, Val. 


We also find: da/dx ~ x?/z. — A further approximation gives: 


(37a) {22 — (¢, + Co + 2)z}e* = #C, Vay; 
(376) a = (vx, V) e* (2 — G4) => 


with ¢, = 3,29 — 4yx?; c, = 2 Pgyx?. 
Equation (35) can now be written: 


a 
-_ V y 2V dy a ,yVea—y 
(38) Geese ln oo as| Garg Sige aoe 
y 


It will be seen that the main terms still give the ordinary logarithmic law, 
the extra terms being of a higher order with respect to 1/z. At the same 
time we have obtained the law of increase of boundary layer thickness 
with «x. 1*) 


13. We finally investigate whether the expression (23) for y can be 
applied when y and D become of the order 7. When we return to formula 
(18) for —u,v and again make use of (24), it will be evident that we now 
must substitute the complete expression (2) for k. This will increase k and 
will decrease the integral. Instead of (28) we arrive at an expression of 
the form: 


(39) — U0 =(l—a)c,y J U! = x (oy/eo) vey U', 


where Cy < cy; the new coefficient c,, will be a function of y/ [see eq. (42) 
below]. We now cannot put —wv = 1/e = v,, but must use: 


(40) —uv+rU' =r. 


Since 7 = »/v,, this gives: 


At eee V%/N 
( ) e 1+x(Cw/Co) y/n- 


4) Ordinary boundary layer theory, in the form as given by PRAaNDTL and 


SCHLICHTING, is based on the momentum equation for the full thickness of the 
boundary layer, with U = (v,/x) In (C, y v,/v) and o = 0. One then finds: 


(2242-46) e* = (x8 CO, V/») a; 


x2 z 


a = (v/xC,V)ze% = a_i” 
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If temporarily ¢,,/cy be replaced by unity, integration would lead to the 
formula: 


u=*mn(1 +), 


where it has been assumed that U = 0 for y = 0. On the other hand the 
empirical formula (36a) gives: 
U = In OY (in % + 3,12). 
# | * y 

From the value of the additive constant it follows that the denominator 
in (41) must remain smaller than 1 + xy/7 over a rather extensive range 
of values of y/7, unless we should assume that the origin for y is at a 
certain distance from the wall and that U has already attained a positive 
value for y = 0. Both conclusions express that the turbulent transfer of 
momentum —2w,v must remain smaller than v,, over a distance from the 
wall of order, may be, of 107 to 407. Some trials were made, in which 
it was assumed that c,,/cy = 1 for y > ny (n being a numerical constant), 
while a smaller value was used for y < ny, according to some simple 
formula. These trials gave the results: 


with Cuj/cy = (y/nn) for yt 9 = 130 
ColCgo = (ylny) > a. 3 99 9) 2 MZ 5D 
Cw/Cg = (y/nn)?* 9» 99 99 99 2 WS 28 
CulCg= 9 ee pa Da 


(in all cases the origin for y was taken in the wall). From these numbers 
one finds that at y = 15 7 the value of ¢,,/cy should be about 0,3. Although 
this result is very rough, we may use it in order to make an estimate 
concerning the value of the coefficient «, in the expression (2) for k. 

If we write (2) in the form: 


(2a) k=J D™ (0, + o, BY" n/D), 
it can be deduced that c,, is given by (with pp = s%e~*): 


; ff dgens—__tanbous/B 
(42) Cy = aN e 1+(x,/a3-+qs) tanh «,s/B’ 
where 
(42a) q = (% Bi*/org B)- (n/y). 


For the four cases mentioned at the end of section 9 it was investigated 
which value of gq would make c,/cy ~ 0,30. The following results were 
obtained : 

Ogl%,=0,8 along = 0,4: qe 15 

Balt, = 0,4 e = 88 

Xa|%q = 0,2 ¥ = 6,8 

Ot, = 0,1 re = 4,5, 
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When we assume that these values of q should refer to y= 15y, the 
values obtained for «,/6? are 


x,/B2 = 81, 89, 105, 138, 
respectively. 1°) 


14. Concluding Remarks. — The main point of this paper is contained 
in formula (18) for —u,v, which was developed from the simple statistical 
picture of the turbulence in the boundary layer given in sections 5 and 6, 
making use of an integral of the linearised equations of motion (1a). After 
substitution of the assumptions concerning the functions J, R and yp 
introduced in section 7, the expression for —w,v obtained the form: 


(43) — uy =(1—«a)¢,y (1 —y/a) Uv, Bo, 


where Cy is given by (42) and (42a). — For values of y within the range 
a> y> yn, the expression simplifies to: 


— uv = (1l—a)cyyU'v, B, 


with cy given by (27). This latter expression leads to the similarity law 
developed by von Karman [compare eq. (29) giving U’, and the expression 
for x given in (30)]. 

Leaving aside the parameter «, which probably is small and which plays 
an insignificant part in the formula for —w,v, the results depend only on 
certain ratios between the numerical coefficients 04, a, a3. x“, and f. 
A few sets of possible values for these ratios were discussed in section 9, 
and the values of c) and B deduced from them have been given. 

The application of (43) to values of y where the factor (1 — y/a) plays 
a part, was given in sections 11 and 12. It was found that the logarithmic 
law for the velocity of the mean flow remains valid in first approximation, 
and it was indicated in which way the deviations from this law can be 
calculated. For this purpose we had to introduce an assumption concerning 
the normal pressure o due to the turbulence, acting in the direction of 
the x-axis on an element of area normal to that axis. The calculations at 
the same time gave the value of da/dz. 

The application of (43) to very small values of y, for which the para- 
meter q becomes of influence, was considered in section 13. This problem 
was not worked out in detail; we contented ourselves with a rough 
estimate of the value to be assigned to «,/f?. 

It is possible to obtain estimates for the values of all coefficients if we 
use the resistance coefficient deduced from Sroxrs’ law for a liquid sphere 
in order to find a,. We take the coefficient for a case where the viscosity 
of the liquid of the sphere is the same as the viscosity of the liquid which 


*) The application of the formula y) = s exp (—s) mentioned in section 7 


as an alternative for (23a) appeared to lead to much larger values for «,/8?, which 
were considered improbable. 
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surrounds it. This gives !®): (a,/»D?) .(~D°/6)=52vD/2, from which «, = 15. 
With the aid of this value we can construct the following table: 


Estimated values of the coefficients (all figures being approximate, intended 
to give order of magnitude only). 


ee OD weg 04: o, = 15, 


Values assumed for ay/«3: 


X/x3 = 0,8 0,4 0,2 0,1 
Calculation gave: 
Boy = 3,27 1,82 1,08 0,70 
x,/B2 = 81 89 105 138 
Hence: 
B = 0,43 0,41 0,38 0,33 
The coefficient of the quadratic resistance term becomes: 
t = 0,103 0,090 0,070 0,047 


Distance from the wall of the level of maximum intensity of a pattern of 
turbulence with diameter D: 1’) 


= 2D = 4.6.) 4,9 D 5,3 D 6,1. D 

Ideal free path for a portion with diameter D, at infinite distance from 
the wall: 

ia Ding = 7,7 D 4,4 D 2,85 D 2,1 D 
Effective free path for a portion with diameter D, at infinite distance 
from the wall: 
Lets = D[(a_ + 0%) = 4,3 D 3,2 D 2,5 D 1,9D 
Mean effective free path at the distance y from the wall within the region 


a>y>n: 


I 


Coy 0,334 y 0,325 y 0,305 y 0,28 y 


Ratio —uyv/v?: 
Ait 16 0,65 0,58 0,49. 


The values obtained for most of these coefficients will appear to be 
acceptable. The coefficient of the quadratic resistance term, a, comes 
out rather small, but there are no data with which it can be compared. 
The values of h look rather large in comparison with D. On the whole the 
impression is gained that the values obtained with a,./a«, = 0,4 or 0,8 are 
the most probable. 

The results indicate that there may be hope for a more refined theory, 
which will give a fuller basis for a comparison with experimental findings. 

16) See H. Lams, Hydrodynamics 600-601 (Cambridge 1932), form. (28) with 


Ma na 


17) These results are quite different from those which are found with the vortices 
considered in section 4. But we had already gone away from these vortices in 
section 7 by accepting the expression s? exp (—s) for the function yp. 
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COLOUR AND COLOUR PERCEPTION 
BY 


M. G. J. MINNAERT 


(Communicated at the meeting of February 28, 1953) 


Theories of colour and colour perception have always been a source 
of contest. The discussions between NEwToNn and Gorrue are of historical 
interest; those between HELMHOLTz and HERING are even now undecided. 
Not so long ago, OstwaLD presented a new colour theory which was 
vehemently criticized. Though the physical side of colour theory is now 
well-understood , sources of dissent are found in the interplay of physical, 
physiological and psychological factors, between which it is necessary to 
keep the right balance. Papers on colour are written in an entirely different 
language by illumination engineers and by psychologists, each group 
having its own terminology and method of approach. 


1. In the following we attempt to give a general, perhaps over- 
simplified survey of colour perception phenomena, based on a clear 
distinction between two essentially different meanings of the word colour ?). 
Colour may refer to the quality of the radiation, as perceived by the 
eye. Or it may refer to the properties of a pigment, which reflects the 
light. I say that these incandescent lamps emit a soft orange light; but 
the paper which reflects this same radiation I shall call white. In the 
first case I am concerned with the distribution of the radiation flux H(A) 
over the wavelengths; in the second case, with the reflection factor ¢(A) 
as a function of wavelength. In scientific work a careful distinction between 
both cases is necessary, by using appropriate terms as radiation colour, 
pigment colour. When describing experiments on colour perception, we 
always have to realize which of the two concepts is being tested. If I 
ask an observer: “what is the colour of this paper?’’, I introduce an 
ambiguity which is not allowed. I ought to ask: “What is the radiation 
colour presented by this paper? What pigment colour has this paper?’’, 
after I have explained what I mean. Psychologists may object that the 
observer must be left entirely uninfluenced. This would be so if we wished 
to enquire about the linguistical meaning of the word colour; but in 


making observations on colour perception, such an ambiguity should be 
excluded. 


1) An excellent review of earlier literature on related subjects is found in 
M. D. Vernon, Visual Perception (Cambridge, 1937) 
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The difference between radiation colour and pigment colour is compa- 
rable with a similar distinction between our perceptions of brightness. 
We make a profound difference between the luminous flux density of a 
bundle of radiation and the reflexion factor (albedo) of a body. It is 
interesting that the two concepts are so easily distinguished here while 
their analogues in colour theory are so easily confused. 

The concepts of grey or brown refer specifically to pigment colours. 
They have no place in the system of radiation colours, as it is well- 
known. The classical colour systems, derived from the spectral colours 
and from their mixtures, refer to the radiation colours. But the system 
of OsTWALD, in which the colours are considered as mixed with black, is 
a system of pigment colours. 

The following observation illustrates the difference between radiation 
and pigment colours. — After an exacting conversation of about two 
hours with a friend, living in the country, I came in the open air and 
noticed between the trees and the shrubs a huge light-blue mass, and 
in surprise showed it to a companion walking at my side. But the light- 
blue mass was simply the white wall of a house, illuminated by the blue 
sky. Once this was understood, I could at will see the wall either 
blue or white, it depended on whether I judged the radiation colour in 
itself or the pigment colour, taking the surroundings into account. 
Similar cases have been often described. FLEISCHER reports about an 
experiment in which a test field was seen either as fairly bright or as 
fairly dark, depending on whether it was interpreted as self-luminous 
or as illuminated from the outside!). In this observation, as in mine, the 
physiological impression on the retina remains the same, the judgments 
however are different because they give answer to different questions. 

For the observation of a radiation colour, the surroundings must be 
eliminated as well as possible, for example by looking through a simple 
cylinder, painted dead black inside and provided with a few diaphragms. 
We shall have to refer later to this little instrument, which I shall call 
the cylinder. For the estimation of a pigment colour, on the other hand, 
it is necessary to scan as completely as possible the surroundings and 
the circumstances of the observation; if the observer has fully realized 
the situation, he may leave the further elaboration of these data to his 
subconscious and further rely on his natural impression. 

It is the confusion between radiation colour and pigment colour which 
has led to the popular verdict on impressionistic painting. The public 
did not accept “purple cows’’, because it did not realize that a white 
pigment at sunset may show a purple radiation colour. It may be a 
matter of discussion, in how far the painter, by reproducing the radiation 
colour, gives the real impression of the objects. In the open air we are not 
surprised to see purple cows, because at the same time we see the setting 


1) Zeitschr. f. Psychol. 151, 45, (1941). 
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sun and the rose cirrus clouds and the sky and the snow; but the painting 
reproduces only part of these circumstances and never with their proper 
brightness values. All depends, whether the artist has been able to suggest 
to perfection the quality of the illumination, and whether the public 
is willing to follow his indications and has the necessary power of visualizing. 

The importance of the pigment colours as a counterpart to the radiation 
colours has been especially emphasized by WILHELM OsTWALD (,,bezogene- 
unbezogene Farben”). It was only after much opposition from the school 
of Helmholtz that these ideas found general acceptance. OSTWALD perhaps 
considered the pigment colours too much as a “‘psychological’’ concept 
compared to the radiation colours with their “physical” foundation. There 
can be no doubt that the reflection coefficient is just as well a physically 
defined function as the energy distribution; in our laboratories it is 
daily measured by means of exact instruments. On the other hand, one 
might wonder whether the pigment colour is an equally fundamental 
psychological conception as the radiation colour, since it is based on a 
comparison of two radiation colours. However it must be granted that 
the sensations of grey, brown, olivegreen and all dark colours are sur- 
prisingly direct and that in general we are not conscious of the way 
in which they originate. It is also wrong to assume that the perception 
of colours which are seen surrounded by others must necessarily be 
influenced by uncontrolable contrast effects and illusions. Just the 
perception of a pigment colour is remarkably stable against such 
influences. 


2. The colour impression made by a field is often modified by its 
surroundings (various effects of contrast etc.). A grey square on an 
extended red background will look greenish. Two squares of the same 
grey, the first seen on a bright, the second on a dark background, will 
look different, the first appearing darker than the second. There is an 
immense literature on such phenomena of “simultaneous contrast” or 
“indirect chromatic adaptation”. Hm~MHourz explains them as an error 
of judgment, this means by a process taking place in the cerebral cortex. 
HERING assumes that there is a direct mutual interaction between the 
bright and the faintly illuminated parts of the retina, the process thus 
taking place in the sensorial organ itself. Other scientists have proposed 
intermediary theories or have made entirely different assumptions. 

This influence of the surroundings has to be discussed separately, 
according to whether we are concerned with a radiation colour or a 
pigment colour. In the case of a radiation colour, the surrounding field 
(the adapting stimulus) has an influence on the test field, simply by its 
vicinity. It seems probable that by the adapting stimulus the condition 
of the retina is modified at the place of the test stimulus. This influence 
is closely similar to the effects observed, when the adapting stimulus 
is followed by the test stimulus (‘successive contrast”). The similarity 
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suggests, that both processes are connected and that they may be con- 
sidered as physiological processes in the retina. 

In the case of the pigment colours however, the surrounding field 
has an entirely different relation to the test field. Let a be the test field 
and w a small patch, of which I am supposed to know that it is an ideal 
white plane, illuminated by the same source of light as a. A comparison 
between a and w gives at once information about the remission factor 
e(4) of the test field. The surrounding field w is not a secondary influence 
which modifies the colour perception; in this case it is a standard, 
ordinarily a standard white pigment, which is essential for a judgment 
about the pigment colour. Note that even a very small patch of standard 
white may be sufficient to show that a field, first considered as white, 
is indeed yellowish and has an albedo well under 1. It is very im- 
probable that this small patch could produce an entire modification in 
the adaptation of the retina: nor is the test field darker in the neigh- 
bourhood of the standard patch. Apparently it is not the retina which 
has been modified but the normal to which the judgment refers. Thus 
in the case of pigment colours, the influence of the surroundings is mainly 
psychological. 

Let us assume that the eye acts as a system of three photocells, sensi- 
tive to three colours. These photocells are first put into action when 
we look at the pigment, afterwards when we look at the standard white 
field. They first record the integrals [XHedd, [YHedd, {[ZEeds, where 
X(2), Y(A), Z(A) are the spectral sensitivity functions of the retina cells, 
H(i) the intensity distribution of the illuminating radiation, ¢(A) the 
reflection factor of the pigment. Then they record the corresponding 
integrals [XHd/, [YEHdi, {[ZEdi, for the white surface. It is clear that 
such a system of three integrals, vid. lic. the radiation colour, is not 
sufficient to give full information concerning the function H(A) nor about 
E(A).e(2); it gives only the general trend of these functions. 

Now behind these photocells there is a “computing bureau” which for 
each cell quickly computes the quotients RE aoe = 3 , etc., the three 
of them determining the impression of the pigment colour. Needless to 
say, they are not sufficient either to determine the function ¢(A). 

But this, biologically speaking, is not required. For practical life it 
is only important that we be able to recognize the objects, while the 
intensity and hue of the illumination are varying. The influence of a 
varying intensity amounts to multiplying H by a constant factor, which 
does not modify the three quotients. But if the illumination changes 
its hue, the function H(A) is modified and the three quotients will vary. 
So the influence of a colour change is different from that of an intensity 
change: it will modify the pigment colour!). However in nature, to which 


1) For this reason, in exact technical measurements the pigment colour is not 
defined by the ratios of integrals, at explained above, but: by the radiation 
colour under specified conditions of illumination. 
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we are adapted, the colour of the illumination never varies considerably, 
and therefore the three ratios are only moderately altered: the objects 
remain recognizable. It may even be contended, that just this not perfectly 
constant aspect of the objects gives a maximum of information, since it 
remains easy enough to identify them, while at the same time we notice 
the changes in the illumination. (These could have been observed any- 
way by paying attention to the radiation colours). 

It is a common assertion, that our impression of the albedo and 
of the pigment colour remains only constant if the variations in the 
illumination are not too great. Careful consideration is necessary, how- 
ever, before restricting the validity of this general constancy rule. — Let 
us first observe a white-grey-black object in the dusk; it will be increasingly 
difficult to estimate the brightness ratio of its different parts; our estimates 
will become more uncertain, though not necessarily biassed, — assuming 
that I sufficiently realize how dark it is and that I make use of earlier 
experiences in similar circumstances. In the full darkness of the night, 
the brightness of an object tends to 0, the ratio of that brightness to 
that of the normal white tends to 0/0. At night I have not the impression 
that all objects are covered by soot, but I perceive that I am nor able 
to judge of their albedo: it is indeterminate. 

The experiences about pigment colours are similar, even if excessive 
changes of the illumination take place. The popular saying about “‘all the 
cats being grey in the dark’’, applies only to the radiation colour, not to 
the pigment colour. This is indeterminate, not grey. The fractions, 
transmitted by the computing bureau, tend to 0/0. 

There remains to consider the Purkyné effect, which indeed produces 
changes in the aspect of the object at low levels: the brightness ratio 


of differently coloured fields will be modified by this effect. In the fraction 


VEed/ : : : : 
a ae which conveys the impression of the albedo, the function 


V(A) changes when the illumination decreases; if ¢ depends on the wave- 
length, the value of a will be altered .This effect is due to the increasing 
importance of the rods at low intensities, and to the shift of the scotopic 
luminosity curve conipared to the photopic curve. Remarkably enough, 
the Purkyné effect does not result in a changing hue of the radiation 
colours or of the pigment colours: the colour sensation depends on the 
functions X, Y, Z of the cones and these keep their positions in the 
spectrum, even at the lowest intensities. 

The effect of a modified illumination may also be obtained by coloured 
spectacles, taking care to avoid all light which could pass outside the 
glasses and reach our eye. All pigment colours remain approximately the 
same; the totally different impression of the landscape, however, is due 
to the modified radiation colours, which suggest that the illumination 
has become either weaker or yellowish. As is well known, the adaption 
quickly sets in. 

Let us discuss the phenomena of adaptation of the eye to changes in 
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the illumination, either changes in the intensity or in the hue. This 
adaptation is important for the radiation colours: it partly compensates 
for the change in illumination; after some time we hardly notice that 
the daylight Hy has been changed into light of incandescent lamps £. 
For the pigment colours, the influence of adaptation is small. Let us 
assume an adaptation so complete, that the general illumination by 
lamps £ is seen again as white light Z). Probably this may be interpreted 
[XE,da 
[xXzda"”? 
etc. Consequently the three factors, determined by our photocells, 
will not change in first approximation. So the chromatic adaptation will 
be unable to compensate for the modifications which have been introduced 
by the changing illumination. 


by saying that the functions X, Y, Z, are multiplied by factors 


3. Another question, closely connected with radiation and pigment 
colours, is the function of the cylinder, already mentioned above. HALDANE 
has described observations with this instrument which are not well 
understandable +). — My observations refer especially to what is seen in 
the open air. When the cylinder is used, many hues in the landscape 
are modified, in a way which at first seems rather enigmatical but soon 
appears to be due to two effects: 

(a) The colours of nearby objects are enhanced and become more 
saturated. This effect is a more pronounced form of what is experienced 
when one holds the hand above the eyes. The explanation is simply 
physical. If no cylinder is used, the light from the surroundings is scattered 
by the irregularities of the media of the eye; especially the light from 
the sky covers the whole field by a veil which decreases the contrasts. 
The cylinder removes that veil. 

(b) On the other hand, looking through the cylinder, the distant parts 
of the landscape are seen to be covered by a uniform haze, which is often 
of a pronounced blue colour. This veil is of course due to the scattering 
by the lower strata of the air, with their contents of dust and droplets. 
But it is very interesting that the presence of this haze remains hardly 
noticed as long as a great part of the landscape is observed as a whole. 
In the mountains we often see a distant slope as greyish or brownish, 
covered here and there by green woods; if the cylinder is used, it will 
be seen that the mountain slope is actually blue and that the wood is 
also blue, only the slope is slightly darker and greyish, the wood slightly 
more greenish. Apparently we are able to substract a constant, structure- 
less veil from the whole scenery. In the plains the veil is sometimes rather 
grey, but it is always surprising to notice how strong it is and how bluish 
often its hue. 

The substraction of the veil is not complete, part of it always remains 
visible. Here again this very imperfection increases the amount of 


1) Journ. of Physiology. 79, 121, (1933). 
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information obtained, since the distant landscape is by this reduction 
easier to investigate, while we are at the same time informed about the 
haziness of the atmosphere. 

It may be asked, whether the effects (a) and (b) are not inconsistent: 
the cylinder eliminates the nearby haze but enhances the distant haze. 
Still there is no real contradiction. The effect (a) eliminates physically 
the scattered light from the field of view; it also restricts this field, but 
the physical factor is preponderant. The effect (b) does not change anything 
to the physical haze, it modifies only the psychological impression by 
restricting the field. 

The “‘substraction effect’’ is easily reproduced in the laboratory; it would 
be interesting to make quantitative measurements. I have not been able 
to find that it is more pronounced for a blue haze than for other colours, 
but I should not like to stress this point too much. — Even in every 
day life, the substraction effect appears when looking at a landscape 
through window panes: as soon as the cylinder is used, we notice that the 
glass is dusty, whithout the cylinder hardly any haze is seen. 

It seems not improbable that this elimination of a uniform veil is to 
be explained rather as a psychological than as a physiological pheno- 
menon. For the effect appears in the landscape only along a narrow 
edge near the horizon, which we call “the distant landscape’, but which 
occupies a too small part of the field of view to influence the adaptation 
of the eye. 


Resumo 


La vorto ‘‘koloro” povas signifi: le kvaliton de la lumoflukso trafanta 
la okulon; 2e kvaliton de la faktoro de reflekto de objekto. Ambat 
nocioj havas fizikan signifon kaj respondas al diversaj psikaj impresoj. 
Klopodate estas, supervidi la éefajn fenomenojn de la kolorperceptado, 
atentante pri ¢i tiu diference. — Fine priskribataj estas kelkaj fenomenoj 
observataj tra malluma cilindro kiu nuligas la influon de la éirkatiajo 
sur la ekzamenatan kampon. 


PALEONTOLOGY 


PRELIMINARY NOTE ON THE RECENT OSTRACODA OF THE 
SNELLIUS EXPEDITION 


1a Ng 


PN, Ae USSG 


(Communicated by Prof. G. H. R. von KoENIGSWALD at the meeting of Jan. 24, 1953) 


INTRODUCTION 


A large number of bottom-samples were collected during the oceano- 
graphical Snellius expedition (1929-30) in the eastern Indonesian seas. 
The study of its Foraminifera is in progress at the Geological Institute 
of Utrecht. Only the more interesting constituents of the Ostracoda- 
fauna are discussed here. 

As a whole this fauna is relatively poor, both in the amount of species 
and in the number of valves. The depth-range of the Ostracoda, concluded 
from the available material, appears to be very wide. In this connection 
it is remarkable that a number of valves were still found at depths 
between 4000 and 5000 meters. Presumably this is due to the action 
of sub-marine currents or landslides. 

Owing to the long conservation the weak parts have entirely dis- 
appeared, so that only the valves could be studied. 

Future investigation in this region will probably reveal living re- 
presentatives of the genera Caudites CoRYELL & FiELDs, Monoceratina 
Rotu, Triebelina VAN DEN Boup, Payenborchella Kinama and Neomo- 
noceratina KINGMA, so that the systematic place of these genera can be 
established with more certainty than on the basis of fossil and sub- 
fossil evidence alone. 

A list of the stations with the corresponding depths, mentioned in the 
text, is given below. The geographical location may be seen from the 
sketch-map. 


Stat. 25: 61 m Stat. 91: 247 m Stat. 160: 3221 m 
29: 70m 92: 682 m 166: 2002 m 

34: 1471 m 96: 854 m 170: 1361 m 

55: 983 m 102: 372 m 186: 1401 m 

66: 4483 m 108: 573 m 189: 1800 m 

67: 1975 m 117: 653 m 220: 2594 m 

73: 1299 m 124: 364 m 253: 4024 m 

82: 989 m 136: 367 m 253a: 1800 m 

85: 679 m 148: 1201 m 283: 569 m 

293: 847 m 


The dimensions are given in millimeters. }W and W refer to the 
respective width of one valve or a complete carapace. 
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The material has been stored in the collection of the Geological 
Institute of the State University of Utrecht (S 72-92). 
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SYSTEMATIC DESCRIPTIONS 


Cytherelloidea? sp. 
(Plate 1, fig. la—b) 


Description: Carapace sub-ovate in outline. Dorsal margin slightly 
convex, ventral margin concave. Anterior end broadly rounded, posterior 
end sub-truncate. A marginal ridge runs along the anterior and ventral 
margin; this ridge is denticulate at its outer side. A second ridge starts 
antero-ventrally and runs backward, forming a rather sharp bend in 
the posterior part of the valve. Further, the ridge turns straight upwards, 
just before it reaches the posterior margin. It follows the dorsal margin 
from the posterior cardinal angle till about the middle of the dorsal 
margin, where it turns diagonally downwards. Another ridge runs from 
the posterior cardinal angle towards the diagonal part of the former 
one; both ridges join above the deep depression of the muscle-scar. A 
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fourth, short ridge goes vertically downwards from the anterior cardinal 
angle. 

The valve surface is reticulate. 

Seen from the dorsal side the width of the valve increases evenly 
towards the truncate posterior end. 

The inner margin and line of concrescence coincide throughout. 

The muscle-scar pattern is feather-shaped and consists of two rows 
of very elongate scars. The entire scar lies on an inward elevation. 

The hinge of the left valve consists of a very strong and smooth tooth, 
situated on the dorsal edge at a distance of 2/5 of the valve-length from 
the anterior margin. 

Remarks: Only a single left valve has been found. Except for the 
strong tooth, all other features point to the genus Cytherelloidea ALEXANDER. 
Owing to the lack of sufficient material it was impossible to decide whether 
this valve is only a monstruosity or belongs to a new species of a new 
genus in the family of the Cytherellidae. 

Occurrence: stat. 186. 

Depth: 1401 m. 

Dimensions: L: 0.51, H: 0.30, 4W: 0.14. 


Bairdia ceramensis nov. sp. 
(Plate 1, fig. 2a—b, 3) 
Bairdia ovata? Brapy (non BosquEt), 1880, p. 53, pl. 7, fig. 3. 

Description: Left valve egg-shaped with an obtuse point posteriorly. 
The dorsal margin of the right valve is more flattened; its posterior 
point is more pronounced as the dorsal margin is slightly concave above it. 

The surface is shiny and perfectly smooth. Hinge and muscle-scar 
typical for the genus. 

The inner margin and line of concrescence coincide only ventrally. 
Anteriorly there is a rather shallow vestibule; ventro-posteriorly a very 
shallow one is present. 

Remarks: 52 detached valves have been found at two stations between 
the island of Ceram and New Guinea. They are common at both places. 
Our valves are identical with those figured by BRApy as Bairdia ovata? 
(BosquEt). A comparison between the figures of BosqueEt (1854, p. 63, 
pl. 5, fig. 6) and Brapy clearly shows that they are not identical. Our 
specimens are dorsally more arched than those of Bosquet, which are 
almost flat in the posterior half of the dorsal margin. Moreover, our 
valves have a much sharper point postero-ventrally. Brapy already 
doubted whether his determination was correct. 

So a new specific name was given. It refers to the island of Ceram, 
in which vicinity the specimens were found. 

Brapy reports this species from Simon’s bay (S. Africa) and from 
39° 32’ S—171° 48’ E (N. Zealand). 

Occurrence: stat. 91 and 92. 

11 Series B 
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Type-locality: stat. 91. 

Depth-range: Indonesia: 247 and 682 m; 8. Africa: 27-36 m; N. 
Zealand: 270 m. 

Dimensions: Holotype (left valve): L: 0.97, H: 0.62, $W: 0.30, 
Paratype (right valve): L: 0.95, H: 0.57, }W: 0.24. The dimensions 
vary for the right valves between L: 0.86, H: 0.54, }W: 0.20 and L: 
0.95, H: 0.57, 4W: 0.24; and for the left valves between L: 0.86, H: 
0.54, 4W: 0.24 and L: 0.95, H: 0.62, $W: 0.32. 


Triebelina bradyi TRIEBEL 
(Plate 1, fig. 4) 

Bairdia truncata BRapy (non KirKBy), 1888, p. 494, pl. 2, fig. 1, 2. 
Triebelina bradyi TRIEBEL, 1948, p. 18; VAN DEN BOLD, 1950, p. 901. 

Remarks: Only one left valve has been found. GERMERAAD reported 
the species from the Pleistocene of Ceram. Brapy originally described 
it from a reef-pool and from shore-sand of Upolu and Nouméa (Pacific). 
Finally vAN DEN Botp mentioned it from sub-recent deposits of the 
Batu islands (W. coast of Sumatra). 

Occurrence: stat. 108. 

Depth: 573 m. 

Dimensions: lL: 0.55, H: 0.32, 4W: 0.14. 


Triebelina sertata TRIEBEL 
(Plate 1, fig. 5) 
Triebelina indopacifica VAN DEN Bop (part), 1946, p. 74. 
Triebelina cf. cubensis VAN DEN Boup, Kinema, 1948, p. 69, pl. 7, fig. 4. 
Triebelina sertata TRIEBEL, 1948, p. 19, fig. 1, 2. 

Remarks: This species was found at 5 stations, with one valve at 
each. Re-examination of the single valve left in the slide of the T. 
indopacifica valves described by VAN DEN Boxp from the Pleistocene of 
Ceram, shows that this specimen belongs to 7’. sertata. VAN DEN Bop 
kindly informed me (personal communication) that originally there was 
also a complete carapace, figured, on p. 74 of his thesis. So the sample 
of Ceram, investigated by vAN DEN Box~p and GERMERAAD, contained 
all three species of T'riebelina as yet known from E. Asia. 

Re-examination of the valve of Krnema’s 7. cf. cubensis shows that 
it belongs to 7. sertata. 

As a result the known range of 7’. sertata is: 

Lower Pliocene: Atjeh (N. Sumatra) (Kinama). 

Quartenary: Island of Ceram (vAN DEN Boxp). 

Recent: Red sea (TrreBEL) and E. Indonesia. 

Occurrence: stat. 55, 73, 102, 148, 160. 

Depth-range: 372-3221 m; according to TrimpeL: shallow water. 

Dimensions: Left valves: L: 0.57, H: 0.32, }W:0.19; the right 
valves vary between L : 0.54, H : 0.27, }W : 0.14 and L: 0.59, H : 0.30, 
4W : 0.19. 
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Krithe droogeri nov. sp. 
(Plate 1, fig. 6a—b, 7) 

Description: Dorsal margin straight to slightly convex; ventral 
margin concave. Anterior end broadly rounded; Pees ait curved 
and obtusely pointed below. 

Surface perfectly smooth. The outer lamella has a light-reddish-brown 
colour. 

There is a very broad anterior marginal area and a small anterior 
vestibule. About 6 radial pore-canals connect the vestibule with the 
anterior margin. The dorsal ones are simple and straight. The ventral 
ones are very complex, mostly bifurcating, sometimes dividing into 
3 branches. From the point of branching a small short canal starts to the 
lateral side of the valve. 

The ventral and posterior part of the marginal area is broad. The radial 
pore-canals are in this case simple and straight, except the pore-canal 
which runs to the top of the postero-ventral point. It consists of 3 
branches. 

The visible part of the muscle-scar consists of a vertical row of 4 elongate 
scars with one (or two?) in front of them. 

The hinge of the left valve has a groove between the thick dorsal edge 
and a thick ridge below it. The posterior end of this ridge is somewhat 
higher, forming a very elongate smooth tooth. The right valve fits with 
its dorsal edge in the groove of the left valve. 

Remarks: In outline this species somewhat resembles the short, high 
variant of Krithe bartonensis (JONES) (1856, p. 50, pl. 5, fig. 2, 3), but 
it is different from the latter in having a more rounded postero-ventral 
angle and in the pattern of the radial pore-canals. In K. bartonensis 
these canals are simple and straight. 

9 valves have been found. 

This species is named after Dr C. W. Droocer, Geological Institute, 
Utrecht. 

Occurrence: stat. 67, 170, 220, 253. 

Type-locality: stat. 220. 

Depth-range: 1361-4024 m. 

Dimensions: Holotype (left valve): L: 0.57, H: 0.32, $W : 0.14, 
Paratype (right valve): L: 0.62, H : 0.30, $W: 0.14. The dimensions 
of the right valves vary between: L: 0.57, H: 0.30, 4W: 0.11 and 
L : 0.63, H : 0.34, 4W : 0.16; and for the left valves between: L : 0.57, 
-H : 0.32, 4W : 0.16, and L: 0.65, H : 0.32, $W : 0.16. 


Caudites javana KINGMA. 
(Plate 1, fig. 8a—c, 9) 
Caudites medialis CoryeLL & Freips var. javana Kinema, 1948, p. 85, pl. 10, fig. 5 
Remarks: CO. medialis var. javana has been established for individuals 
lacking the median ridge of the species of CoryELL & Frutps, but having 
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instead a strong central swelling. From the re-examination of KInGMA’s 
material and the study of the valves of the Snellius expedition it appears 
that these relations are only true for immature specimens. Adult 
individuals show a clearly visible median ridge interrupted at its centre 
by the strong central swelling. The ridge along the dorsal margin has 
a pronounced knob-like thickening. The same is true for the ventral 
ridge. Sometimes the knob of the ventral ridge is almost inseparable 
from the central swelling. If they are distinctly apart a short vertical 
ridge runs upwards from this ventral knob towards the posterior part 
of the median ridge. 

The surface of the valves shows a large number of broad depressions, 
with low and short ridges in between. 

The muscle-scar consists of two curved rows of 3 scars each, with a 
triangular and an elongate scar in front of them (see fig. 8c). 

This species differs from C. medialis ConyELL & Fretps by the above 
described ornamentation and in its dorsal view. The latter view of C. 
medialis lacks the distinctly protruding knobs of C. javana. 

Kryema reports this species from a deep boring near Bodjonegoro 
(E. Java) in deposits of Pliocene and Pleistocene age. 

Occurrence: stat. 67, 102, 253a, 283. 

Type-locality: Bodjonegoro (E. Java). 

Depth-range: 372-1975 m. 

Dimensions: Varying between L: 0.43, H: 0.24, 4W:0.13 and 
L : 0.57, H : 0.27, W : 0.26. 


Loxoconcha alata BRrapy var. longispina noy. var. 
(Pl. 1, fig. 10a—b) 


Description: This variety differs from the typical Z. alata in having 
much more strongly developed spines. 


PLATE I 


Fig. 1: Cytherelloidea? sp.; la: external view of the left valve; 1b: internal view 
of the left valve. 75 x. 

Fig. 2-3: Bairdia ceramensis nov. sp.; 2a: external view of the left valve (holotype); 
2b: internal view of the left valve (holotype); 3: external view of the right 
valve (paratype). 40 x. 

Fig. 4: Triebelina bradyi TrreBEL; external view of the left valve. 75 xX. 

Fig. 5: Triebelina sertata TrieBeL; external view of the left valve. 75 x. 

Fig. 6-7: Krithe droogeri nov. sp.; 6a: external view of the left valve (holotype) ; 
6b: internal view of the left valve (holotype); 7: internal view of the right 
valve (paratype). 75 x. 

Fig. 8-9: Caudites javana Kinema; 8a: external view of the right valve; 8b: dorsal 
view of the complete carapace; 8c: muscle-scar pattern of the right valve 
seen from the outside; 9: external view of the left valve. 75 x. 

Fig. 10: Lowoconcha alata Brapy var. longispina nov. var.; 10a: external view of 
the left valve (holotype); 10b: dorsal view of the left valve (holotype). 
Ue Oe 


Fig. 11: Neomonoceratina columbiformis Krxoma; external view of the right 
valve. 75 xX. 
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PLATE I 


PLATE II 
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Remarks: Only at stat. 283 the typical LZ. alata and the variety 
longispina occur together. At the other 3 stations the variety was 
found alone. 8 valves have been found. 

Occurrence: stat. 34, 66, 124, 283. 

Type-locality: stat. 66. 

Depth-range: 364-4483 m. 

Dimensions: Holotype (left valve): L: 0.43, H : 0.26, 4W : 0.22. 
The smallest specimen measured has: L : 0.38, H : 0.28, $W : 0.19. 


Bythocythere kweneni nov. sp. 
(Plate 2, fig. la—c, 2a—b) 

Description: Dorsal margin arched; ventral margin straight or some- 
what convex. Anterior end broadly rounded ventrally and flattened 
dorsally. Posterior end with an upturned caudal process above or at 
the middle. 

In dorsal view the outline is ovate. 

There is a big ventral, wing-like swelling. The ventral side of this 
wing is striate with pores between the striae. The surface of the valve 
is covered by small round pores, arranged in curved rows, parallel to 
the wing’s edge. 

Radial pore-canals are not visible. 

The muscle-scar consists of a curved row of 6 scars, with one small 
one in front of it. 

The hinge of the right valve consists of a straight, smooth groove 
with a smooth elongate tooth at either end. The hinge of the left valve 
is the complement. 

There is a well developed antero-ventral vestibule; postero-ventrally 
a shallow vestibule has been observed in some valves. 

Remarks: 9 detached valves have been found. B. kueneni differs 


PLATE II 


Fig. 1-2: Bythocythere kueneni nov. sp.; la: external view of the right valve 
(holotype); 1b: internal view of the right valve (holotype); 2a: hinge 
pattern of the left valve (paratype); 2b: muscle-scar pattern of the left 
valve (paratype). 75 x. 

Fig. 3: Bythocythere? sp.; 3a: external view of the left valve; 3b: internal view 
of the right valve; 3c: ventral view of the left valve; 3d: hinge-pattern 
of the right valve; 3e: hinge pattern of the left valve. 3a—c: 40 x, 3d-e: 
50 x 

Fig. 4: Monoceratina sp. A; 4a: external view of the right valve; 4b: internal 
view of the right valve; 4c: dorsal view of the right valve. 75 x. 

Fig. 5: Monoceratina sp. B; 5a: external view of the right valve; 5b: internal 
view of the right valve; 5c: dorsal view of the right valve. 75 x. 

Fig. 6: Payenborchella iocosa Krnama; external view of the left valve of an 

adult specimen. 75 x. 

Payenborchella malaiensis Kinama; 7a: external view of the left valve 

7b: hinge pattern of the left valve. 75 x. 


~l 


Fig. 
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from B. turgida Sars (see SYLVESTER-BRADLEY, 1947, p. 720, textfig.) 
in the shape of the ventral ala, which is semicircular in the posterior 
half in B. kueneni and truncated at this place in B. turgida. Moreover 
B. kueneni is ovate in dorsal view and not arrow-shaped. Our species 
is identical in the outline of the carapace and the shape of the ala with 
“Cythere” triangularis JoNuS (1856, p. 25, pl. 6, fig. 5), but it has a 
different hinge pattern. 

This species is named in honour of Prof. Dr Po. H. KunNEN, Groningen, 
geologist of the Snellius expedition. 

Occurrence: stat. 136. 

Depth: 367 m. 

Dimensions: Holotype (right valve): L : 0.68, H : 0.46, $W : 0.19, 
Paratype (left valve): L : 0.57, H : 0.38, }W : 0.19. 

The dimensions of the other valves vary between the above given values. 


Bythocythere? sp. 
(Plate 2, fig. 3a—e) 


Description: Dorsal margin long and straight; ventral margin slightly 
concave just before the middle. Anterior margin rounded below, and 
straight above, the middle. Posterior end with a subdorsal caudal process. 
Along the anterior and ventral margin there is a smooth rim. The remainder 
of the surface is reticulate. In the postero-dorsal corner there is a small 
blunt spine. The left valve overlaps the right one only between the 
posterior cardinal angle and the top of the caudal process. 

The lateral sides are parallel in dorsal view. 

In the posterior half of the carapace the rim along the ventral margin 
is ornamented with a single row of sub-quadrate depressions with round 
pits in their centre; in its anterior part there is a double row of such 
depressions. 

The muscle scar consists of a curved row of 4 elongate scars with a 
single round one in front of them. 

The width of the marginal area is unknown, for the inner lamella is 
opaque. There is an anterior vestibule and also a shallow postero-ventral one. 

The hinge of the right valve consists of a long straight bar with a 
very faint groove above it, which groove ends anteriorly and posteriorly 
in long elongate sockets, which are open towards the interior. There 
is a strong knob-like tooth in front of the anterior socket. Behind the 
posterior socket a smaller tooth is found. The left valve hinge consists 
of a long straight bar which ends anteriorly in an elongate tooth, bent 
inwardly. Posteriorly it ends in a curved tooth, which consists of 4 smaller 
cusps. In front of the anterior tooth lies a deep round socket; behind the 
posterior tooth an elongate socket. 

Remarks: 'The outline of the valves strongly resembles that of certain 
specimens described by Brapy (1880) as Bythocythere, or that of some 
species of the genus Monoceratina. However, the hinge is quite different 
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from that in both these genera. Probably our specimen belongs to a 
new genus, but the material (one complete carapace) is considered too 
scarce for a reliable genus-description. 

Occurrence: stat. 85. 

Depth: 679 m. 

Dimensions: L: 0.97, H : 0.46, W : 0.38. 


Monoceratina sp. A. 
(Plate 2, fig. 4a—c) 


Description: Only a single, right valve can be described. 

The dorsal and ventral margin are straight and parallel. The anterior 
end is somewhat obliquely truncated. The posterior end is curved upwards 
and bears a caudal process high above the middle. The valve has a strong, 
wing-like, ventral swelling, which terminates in a short, blunt spine. 
The valve is divided into two equal parts by a vertical median sulcus. 
A marginal ridge runs from the anterior cardinal angle to the caudal 
process. Another curved ridge goes from the antero-ventral corner to 
the anterior cardinal angle. Anteriorly from the median sulcus the ridges 
of the reticulation, running diagonally downward from postero-dorsal 
towards antero-ventral, are more strongly developed than the ridges in 
the other directions, which gives this part a more striate ornamentation 
than the remainder of the valve. 

Seen from above the valve has an almost triangular outline. There 
is a flat reticulate area between the edge of the dorsal marginal ridge 
and the dorsal margin of the valve. 

The muscle-scar lies on the inward vertical median ridge, which 
corresponds to the sulcus on the outside. As far as it is visible, the scar 
consists of a vertical row of 4 scars. 

The hinge of the right valve consists of a long straight groove between 
the dorsal edge and a rather faint inner ridge. 

The line of concrescence coincides throughout with the inner margin. 
Radial pore-canals are not visible. 

Remarks: All observed features point to the genus Monoceratina Rot. 
If the genus determination is correct, we have met a recent representative 
of this remarkable genus, which is abundant in Paleozoic and Mesozoic 
formations. 

Occurrence: stat. 73. 

Depth: 1299 m. 

Dimensions: L: 0.62, H : 0.28, 4W : 0.27. 


Monoceratina sp. B. 
(Plate 2, fig. 5a—c) 


Description: Dorsal and ventral margin straight and parallel. Anterior 
end broadly rounded; posterior end curved upwards with a caudal process 
above the middle. The straight vertical median sulcus divides the valve 
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into two equal parts. The strong ventral wing ends in a blunt spine. 
A sharp ridge runs along the dorsal margin. Another faint one starts at 
the anterior cardinal angle, turns downwards and runs along the edge 
of the wing. A vertical ridge, just in front of the median sulcus forms 
the connection of the dorsal marginal ridge with the ridge along the edge 
of the wing. The place of junction is thickened into a knob. Another 
short ridge connects the ridge along the wing’s edge with the antero- 
ventral valve border. There is a depression under the anterior cardinal 
angle. 

The surface of the valve is shiny and smooth. The ventral side of the 
wing is striated and has a deep pit, a little in front of the spine. 

Seen from above the valve is arrow-shaped. 

The hinge of the right valve consists of a long straight groove between 
the dorsal edge of the valve and a ridge below it. 

The marginal area is broad, both anteriorly and ventro-posteriorly. 
Line of concrescence coincides throughout with the inner margin. 

Remarks: Here, too, the material is considered to be too scarce 
(2 right valves) for a species description. Probably these valves also 
belong to the genus Monoceratina Rotu. 

Occurrence: stat. 67 and 293. 

Depth-range: 1975 and 847 m. 

Dimensions: L: 0.52, H: 0.24, 4W: 0.26, and L: 0.45, H: 0.22, 
ZW : 0.24. 


Neomonoceratina columbiformis KINGMA. 
(Plate 1, fig. 11) 
Neomonoceratina columbiformis Kinama, 1948. p. 95, pl. 10, fig. 8. 


Remarks: 'The only recent occurrence of this species is that of stat. 25 
in the eastern Java sea. The species is common here; 8 valves having 
been found by Kryema, and 4 additional ones by the author. Kinema 
reported it also from Lower Pliocene deposits of Atjeh (N. Sumatra). 

Occurrence: stat. 25. 

Depth: 61 m. . 

Dimensions: Varying between: L: 0.32, H: 0.16, }W:0.10 and 
Tm 0.54, 5H: 0,32. 2 W = -0.14, 


Payenborchella iocosa KiINGMA. 
(Plate 2, fig. 6) 
Payenborchella iocosa Kinama, 1948, p. 86, ple 78, oe. 2 


ae 


Remarks: One immature valve at stat. 29, and one adult valve at 
stat. 92 have been found. Kinema described this species from a deep 


boring near Bodjonegoro (E. Java), from deposits of Miocene till 
Pleistocene age. 


Occurrence: stat. 29 and 92. 
Depth-range: 70 and 682 m. 
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Dimensions: Adult valve: L: 0.51, H: 0.27, 4W:0.19, and the 
immature valve: L : 0.51, H : 0.22, }W : 0.24. The great width is caused 
by thin, large, flattened appendages on the place of the future spines. 


Payenborchella malaiensis KinaMa. 
(Plate 2, fig. 7a—b) 
Brachycythere sp. VAN DEN Boup (in GERMERAAD), 1946, p. 78. 
Payenborchella malaiensis Kinama, 1948, p. 87, pl. 8, fig. 13; vAN DEN Born, 1950, 
po. 901. 
Poyenborchella cymbula RuGGrieRI, 1950, p. 60, textfigures. 

Remarks: WKixema’s description of the ornamentation of this species 
has to be completed. He reported: 3 longitudinal ridges in the ventral 
part of the valve, which end in small spines, posteriorly; a deep vertical 
median sulcus and the surface covered with small and large pits and low 
tubercules, distributed irregularly over the surface. Some specimens 
agree with the above description, but the greater part, i.c. the adults, 
have the following ornamentation. A deep vertical median sulcus divides 
the valve into two sub-equal parts. A strong curved ridge, in most cases 
perforated by 10-12 round fenestrae, runs on the ventral side of the 
ventral swelling of the valve. It sometimes ends in a small spine. The 
second strong ridge lies somewhat above the first one and is shorter. 
Just behind the vertical sulcus this ridge bifurcates: a small dorsal 
branch ending into a small spine, and a strong ventral branch which 
ends in a rather stout spine. Another ridge begins at the anterior cardinal 
angle and runs downwards with a curve and crosses the vertical sulcus. 
It is connected with a ridge at the posterior side of this sulcus, which 
circumscribes an irregular to triangular area. The immature specimens 
possess only the part that crosses the sulcus; sometimes a faint indication 
of the curved anterior part has been observed. There is in all adult 
individuals a short vertical ridge, just above the posterior end of the 
lowermost longitudinal ridge. 

The surface is shiny and covered with small and large pits and in 
large specimens, with low blunt tubercules as well. 

Finally it is worth mentioning that Kinema’s description of the hinge 
structure needs a slight emendation. The anterior bar of the left valve 
is not smooth, but crenulated. The marginal ridge, above the accomodation 
groove is not smooth either, but shows 10-12 small conical teeth, as 
were figured also by Ruearmri for P. cymbula (= P. malaiensis). 
These features were observed both in Kryama’s fossil material and in 
the recent specimens of the Snellius expedition. In P. iocosa only the 
anterior bar is crenulated but the marginal ridge is entirely smooth. 

Remarks: Krxema reported this species from deposits of Miocene 
till Pleistocene age of a deep boring near Bodjonegoro (E. Java), and 
from Miocene deposits of Atjeh (N. Sumatra). Van pEN Botp (in 
GERMERAAD) records a Brachycythere sp. from Young-Neogene deposits 
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of the island of Ceram, which appears to belong to P. malaiensis. He 
further mentioned P. malaiensis (1950) from sub-recent deposits of the 
Batu-islands (W. coast of Sumatra). 

Rueerert (1950) described P. cymbula from Pliocene deposits of 8. 
Italy. For comparison some valves were kindly sent by Prof. RuGerErt. 
This species appears to be identical in all features with P. malaiensis. 
So this is another species that occurs in Young-Neogene faunae of both, 
Indonesia and Italy. 

11 valves have been found in the Snellius material. 

Occurrence: stat. 82, 92, 96, 117, 166, 189, 220, 253, 253a. 

Depth-range: 553-4024 m. 

Dimensions: Varying between: L: 0.49, H: 0.27, 3W: 0.14, and 
TeF0262 Eg 0035, Wer 0.16, 


LITERATURE 


Botp, W. A. VAN DEN, list of Ostracoda in thesis of J. H. Germeraad, Geology 
of Central Seran, (1946). 

——-—— Contrib. to the study of Ostracoda, ete. Thesis Utrecht, (1946). 
Hemikrithe, a new genus of Ostracoda from the Indopacific. Ann. Mag. 
Nat. Hist. ser. 12, 3 (1950). 

Bosquer, J., Monog. d. Crust. foss. du terrain Crét. d. Duché Limbourg, Mém. 
Comm. p. 1. deser. d. 1. carte géol. d. 1. Néerlande 2. (1854). 

Brapy, G.8., Ostracoda. Report o. t. scient. results o. t. voyage of H.M.S. Challenger 
(1880). 

, On Ostracoda collected in the South sea Islands. Trans. Roy. Soe. Edin- 

burgh, 35, 2, (1888). 

CoRYELL, H. N. & 8S. Firntps, A Gatun Ostracod-fauna from Panama. Am. Museum 
Nov. 956. (1937). 

Jones, R., Monog. of Tertiary Entomostraca of England. Paleontographical Soc. 
London (1856). 

Kinema, J. Tu., Contr. to the knowledge of the Young-Caenozoic Ostracoda from 
the Malayan region. Thesis Utrecht, (1948). 

Rueaeieri, G., Una nuova Payenborchella d. Pliocene d. Calabria. Ann. Mus. 
Geol. Bologna, ser. 2a, 21, (1949), pp. 59-63, (1950). 

SYLVESTER-—BRADLEY, P. C., The shell of the Ostracod genus Bythocythere. Ann. 
Mag. Nat. Hist., 14, (1947). 

TRIEBEL, E., Zur Kenntnis der Ostracoden-Gattung Triebelina. Senckenbergiana 
bd. 29, no. 1/6, (1948). 


PHYSICS 


SPINOR ROTATIONS AND REFLECTIONS. I 


1S p64 


H. J. GROENEWOLD 


(Natuurkundig Laboratorium der Rijks-Universiteit te Groningen) 


(Communicated by Prof. F. ZERNIKE at the meeting of February 28, 1953) 


Summary. Spinor representations are considered of the groups of 
rotations (including Lorentz transformations) and reflections in ordinary 
4-dimensional time-space as well as in a 6-dimensional space (with 1 
redundant dimension) in which the former one can aptly be embedded. 
In the 2-valued representations the reflections either all commute or partly 
anti-commute; only the latter lead to a proper representation. For 
various representations the reflection properties of some elementary 
tensors are collected in a table. 


1. Introduction 


A relativistic quantum description of particles and anti-particles needs 
a representation of the symmetry operations of rotations (including 
Lorentz transformations) and coordinate (in particular time) reflections. 
We distinguish the formal problem 


P, of the representations of the rotation-reflection group; 
and the physical problem 
rs 


»» Of their application and interpretation, in particular in the descrip- 


tion of particles and anti-particles. 


In the present paper we will comment mainly on P,, collecting and 
connecting some of the well known representations, and leave aside for a 
moment the ticklish difficulties of P,,,. 


2. Symmetry operations 

2.1. Coordinates. It is well known that the 15 Dirac spin operators 
(apart from the unity operator) can be connected with the rotations in a 
6-dimensional space S, in which the usual 4-dimensional time-space S, 
can be embedded. We shall use a 6-dimensional notation, which is suggested 
by the notation (apart from interpretation) of EDDINGTON ') and MILNER’). 
We do not enter into the physical background of the embedding *), nor 
into the interpretation of the feature that one of the extra dimensions 
turns out to be redundant. 
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The contravariant coordinates is S, are 
(2. 01) (oa) = (0b, i) 


and the metric tensor is 

(2. 02) Joo = 911 = Goo = Gon = 15 Yap = 0 (% A), 

For the embedding in S, we introduce 2 new coordinates x° (time-like) 
and 2® (space-like) 

(2. 03) ea be par ont Lae ha) ek 

(2.04) oo = 911 = Yor = G33 = —Is5 = Jos = 13 Jas =O (GF b). 


For the coordinates in S, (ordinary space); S, and S, we shall respectively 


use’ the indices ki; ...; «,pB,... and @,b, ... 
\ GS,) sete ee (i a 2S) eres, 
(2. 05) (Sp ay’, oo (= 0, Ih acres 
|] (Sey pee (ae OF 2 ono, a), cue 


The summation convention will be applied to identical upper and lower 
running index pairs. 
The complex notation 


(2. 06) (ale GPa. We et) = (oe eae ae 
with the metric tensor 


(2. 07) 911 = Joo = 933 = Yas = Jos = I27 = 13 Jas = 0 (A FD) 
will not be used. 


2.2. Rotations and reflections. The group L,(Z,4) of symmetry 
operations in S, (S,), which leave invariant the metric form 
(2. 08) Jab a y? (Jap x y’) ’ 
has as a normal divisor the continuous sub-group L,, (Z,,) of all those 
rotations, which can be obtained by integration from infinitesimal rotations 
(including Lorentz transformations). The factor-group L¢/L¢. (L,/L4,) 
contains 4 elements: 
ie identity 1; 
(2. 09) ja time-like reflection G;; 
a space-like reflection o,; 
Lae product reflection o,, = 0;:6,. 


o, and o, may represent a reflection in an arbitrary time-like or space-like 
direction respectively. 


3. Rotations 


The sub-group L,, (L,,) is generated by the infinitesimal rotations in 
planes ab («f) parallel to the 15 (6) pair combinations of coordinate axes 
in Sg (S,). We will call such (infinitesimal) rotations elementary (in- 
finitesimal) rotations. 


171 


3.1. Elementary rotations. If the 2 axes a and b (« and f) have the 
same signature (i.e. the same time- or space-like character), the elementary 
rotation is elliptic and a proper rotation. If they have different signature, 
the elementary rotation is hyperbolic and a proper Lorentz transformation. 
Of the 15 (6) elementary rotations 7 (3) are elliptic and 8 (3) are hyperbolic. 
For a proper rotation the circular angle of rotation 9 is taken as usual; 
for a proper Lorentz transformation the hyperbolic angle of rotation O 
is defined by O = tanh! (v/c). 

Under an infinitesimal elementary (elliptic or hyperbolic) rotation in 
the ab-plane a vector u°; a tensor u%; etc. in S, transform as 


r) 


36M = R® wy = —g*u> aie gut; 
(3. 01) = Thea = R® yet = —g” yet an g yet aa ope yo? =. g” ue: 
etc. 


(Too obvious analogies in S, will not be mentioned separately). 

The infinitesimal elementary rotation through 60 in the ab-plane is 
characterized by the operator (1 + 60 R“), the finite elementary rotation 
through O by exp (0 R”). 


3.2. Inverse rotations. The inverse rotation can be obtained either 
by 0 +—8O, or by R”® ~ R™. That gives 


(3. 02) R®+R*=0 (a<b). 


3.3. Integrability conditions. R® (a ~6) and R%(c 4d) commute 
when they have either none, or both indices in common 


(3. 03) R® R® — R# R® = 0 (ci(a. 4 b; Gd) =0 or 2) 


(the symbol ci for the number of common indices of the 2 sets divided by 
the semicolon will also be used later on). When they have 1 index in 
common, (3. 01) gives 


(3. 04) Re RX a Rv Rw” _ ge R“ (a Zt c) : 


(3. 03) and (3. 04) (which for simplicity we do not take together into a 
single relation) form the integrability conditions for the elementary in- 
finitesimal rotations. 


3.4. e€(c) representation. Consider a representation of exp (0 R’) 
(a 4b) by exp (4 Oe”) (of exp (O R”) (« #8) by (exp (4 O o”)), ie. of 
(1+ 60 R®) by (1+ 4 60 e”) (of (1+ 60 R”) by ((1 + $ 60 o”)). The 
reason for the factor 4 will become clear in section 6 from the bilinear 
character of the transformation (6. 03). Loosely speaking the R” (R’’) 
are said to be represented by the 4 e” (} 6%’); this is correct in (3. 01). 
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According to (3. 02) — (3. 04) the operators e” have to satisfy the relations 
(3. 05) e% + €% — 0) (a #b); 
(3. 06) 7 €7 — Ed et — 0) (cia =4 b: ¢ #d) = 0-or 2), 
(3. 07) €7? e — eM €%? — 2g" 6% G2 OF). 


In order to obtain simple relations we define 
(3. 08) Ee S (ip (o™ = Gr) 


(One can also take —g™ (—g**) and then everywhere absorb a factor 7 in 
e” (6%). That will take away an annoying factor 7 at some places and 
introduce it at other unpleasant places). (3.05) and (3.08) can be combined 
into (3. 09). Further in order to determine the e”? (6) (apart from iso- 
morphies) nearly completely, we replace (3. 07) (which becomes moreover 
invalid for b = a or c) by the more stringent condition (3. 10). Then finally 
e” and e@ will always commute, unless a ~b and c #d and the 2 sets 
have 1 index in common; in the latter case they anti-commute. The e” 
are now characterized by 


(3. 09) 2 + @t — 29%, 
(3. 10) E2 ebe — ge e%: 

ab gcd d ead _ cia 4b; ¢Ad)=1 
al Nr a ( otherwise ). 
It follows from (3.10) that 
(3. 12) (7)? re g@ ge (a — b) : 


The relations for the 6” are just similar. These few simple relations make 
the calculus of the e” (o**) easy and straightforward. 


3.5. The product operator. 3.51. In S,. If (x, B, y, 6) is a permutation 
Of On 1203) 


(3. 13’) (a, B, y, 6) = P (0, 1, 2, 3), 
then it follows from (3. 09) — (3. 11) that 
(3. 14’) 0”? o?? = (+)p o°l 68 —(+)pa,, 
where (-+)p is + 1 for even permutations and —1 for odd ones. Further 
(3. 15’) (pas gy! gts Ae ye mee has 

3.52. In S,. If similarly 
(Gai87) (a, b,c, d, e, f) = P(0, 1, 2, 3, 5, 8), 
then 

" ab cd eef __ 2 

(3. 14”) € ef ef = (x) p a0) ett et [Eye 
and 


(3. 15”) (ey)" <tr gq” qu gra he g”® Opa ==] ¢ 
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3.53. Chirality+). By (3. 15) the sign of €, (6,) is left undetermined, 
so that a “left handed’’ solution e€,, (6,,) and a “right handed” one 
Exp (Ozp) may be found. This leads to a “left handed” and a “right handed” 
representation of the e” (6) and that is why they were only nearly 
completely determined in 3. 4. 


3.6. <Adjoint representation. (3.09)— (3.11) give for the adjoint 
operators et (o**t) the relations 


(3. 09%) ett 4 ett — 2 gad, 

(3. 107) htt ecdt — gb? erat. 

ee  ottrrin,. 
(3. 14) gives 

(3. 147) oft oot ={2)2 ol; 

(3. 14%) ett ett eft — — (+)pef. 


According to (3. 097) — (3. 11‘) e” (6%) is isomorphic with et (ot); 
according to (3. 14*) they have the same chirality if €, is anti-hermitian 
(if o, is hermitian) and opposite chirality if €, is hermitian (if 6, is anti- 
hermitian). 

Consequently there has to exist a “density operator’ €, (6,) such that 


(3. 16) ewe, ete, 5 ei = ec, ee," ; ei ec, = €, €*, 
The chirality of e” and et (o*? and ot) is the same for ef = —e, (oi = o,) 
and opposite for e} = €, (6; = —o,). 


The adjoint of the second relation (3. 16) gives 


(A517) - =e, ie), 
so that 
(3. 18) e=yeg 3 = y* eh 3 yy*= 


The phase of the constant y can arbitrarily be chosen; then €, (6,) becomes 
determined but for the sign. We take y = —1 (y = 1) 


(3. 19) ef = — €, (oi = a,). 


3.7. The finite group Ly. 3.71. In S,. Together with the identity 1, 
the 6 operators o*° (x ~ f) and the product operator o, form the 8 elements 
of the finite group L,,,, which are the basic elements of L,,. The centre 
of L,,, consists of 2 elements: 1 and o,. Therefore the regular representation 
contains 2 irreducible representations of which the dimensions n, and ng 
are determined by Burnside’s lemma 8 = nj + 73, so that ny = ny = 2. 

12 Series B 
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As the 4 basic elements we can take the 4 Pauli matrices 
10 01 0 —i RATE 

(3. 20) i= 4 A 3, =i. a ee [ a G, =i ony 

with the commutation relations 

(3. 21) G, 0, =70; (cycl.). 


The 8 elements of Z,,,, ordered in the scheme 


ih, S,; ol 62 63 
(3. 22’) ol? on 
23 

co) 


can then e.g. (in the most common representation) be represented by 


1, 4) +0; 6,) > 0; 
10, 


The + sign distinguishes the chirality. For the upper sign we shall call the 
representation ‘left handed’, for the lower sign ‘right handed”. 6, = + 7 
is anti-hermitian, therefore by adjunction the chirality is reversed. With 
(3. 19) we get o, = + 1. 


3.72. In S,. In S, there is no solution for a finite group L,,; with 
the identity 1, the 15 operators e” (a + b) and the product operator e, as 
17 distinct elements and a centre with 1 and e€, as elements. Then e€, has 
to be a constant times one of the 16 other elements and because it commutes 
with all of them that other element has to be the identity 1. Then (3. 15” 
gives €, = +7. We shall once more call the representation ‘left handed”’ 
for the upper sign and “right handed” for the lower sign. €, = +7 is 
anti-hermitian, therefore by adjunction chirality is preserved (contrary 
to the case in S,). 

The centre now contains as only element the identity, so that the 
regular representation is irreducible. Its dimension n is determined by 
16 = n*, therefore n = 4. As the 16 basic elements of this 4-dimensional 
representation we can take the 16 Dirac matrices. Analogous to (3. 22’) 
we order the 15 non-trivial elements (apart from the trivial identity 1) 
of Le; in the scheme 


ol 02 03 5 06 | 
el2 Pat 15 ¢16 | 

9” 
(3. 22”) €23 25 26 
35 36 , 
56 ; 


They can e.g. he represented by the following scheme of Dirac matrices 


Oe —  —— , 


(3. 23”) 


We shall not use an explicit representation without expressly stating so, 
With (3. 16), (3.19) we find from (3. 23”) e,= +&®. 

From (3. 16), (3. 19) and the preservation of chirality under adjunction 
it follows that 


(3. 24) (€qi)' = (€gt) 5 (€ge”)t = (ez), 


so that (€,7) and (e, €*) (a #5) are hermitian. Further it is remarkable 
that, because 


(3.25) ePete* = + gg” (ci(ao; efaj=". 


we have 

(S.20) @& ete =—g 76° =egicxd); e” ee =e" = e,,, 

From the special representation (3. 23”) we have taken e; = +e”, which 
gives with (3. 16) and (3. 26) 

(3. 27) et = — e€,, (cd). 


4. Reflections 


4.1. Relations between reflections and rotations. Reflection in the 
direction of a (unit) vector p* (p%p, = +1) is defined by 
S? ut = u® — 2 up, p*; 
(4. 01) ; 
SP ye? — yw — 2 y% De p — 244 Da p? ot 4 yet De Pa p* p; etc. 
Consider 2 directions p* and q? of the same signature (p* p,= 4" q,g= +1; 
i.e. both space-like or both time-like). The coordinate axes can be chosen 
so, that both p* and q? are parallel to a cd-plane. If p* — q* has the same 
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signature as p* and q’, the c-axis and d-axis also have this same signature. 
If p* — q* has not the same signature as p* and q’, the c-axis and d-axis 
have mutually different signatures. In the former case the angle 0 between 
p* and q* is elliptic and determined by cos O = p*q,/p’ p,, in the latter 
case it is hyperbolic and determined by cosh 0 = p*q,/p’ p,. The 
elementary rotation in the cd-plane from the p-direction to the q-direction 
is represented by exp (O R”) 


(4. 02) gq? = exp (0 R&) a 

For the operators S?, S$? and R®@ we have the relations 
(S?)? = 1 , S?R* = — R“S?; 

| (S)2=1 , S*R? = — R*S! 


and in accordance with (4. 02) 


(4. 03) 


S¢= exp (— OR%) S? exp (OR%) 
4, 04 
( = exp (— 20R) S’ = § exp (20R™), 
or 
(4. 05) S?S?= exp (2OR%) = exp? (OR*%). 


As is well known, successive reflections along 2 directions of equal signature 
results in rotation through twice the angle between these directions or 
rather twice the rotation over the angle. (It is narrowly connected with 
this property that exp (@ e*) represents exp? (O R®) and not exp (0 R®) 
(and analogous for o*’). This is also connected with the 2-valuedness of 
the representations.) An important example is successive reflection along 
2 coordinate axes a and b of equal signature, which is equivalent to 
rotation in the ab-plane through +2 


(4.06) $?S*= exp (£2R®) = exp? (+ 5R”) = (+R), 

As soon as 1 time-like reflection and 1 space-like reflection have been 
established, all other time-like and space-like reflections can be derived 
from respectively the first and the second one by means of rotations 
according to (4. 04). A time-like and a space-like reflection cannot be 
connected with each other in such a way. 

In the following we shall in particular consider reflections in the directions 
of the coordinate axes, from which reflections in other directions can 
easily by derived. 


4.2. Representations. 4.21. Commuting reflections. The simplest rela- 
tions which the 3 elements o,, , and o,, (apart from 1) of the factor-group 
L| Leo (Ly/L40) (2. 09) can satisfy are 


t =l, Cy 0) COG 
(4. 07’) o =1 


ree 
3) Gyo Oy, Os =O, Os. 


G = 10, =o) O40, om 


eee i 
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Because all 4 elements then commute, the regular representation contains 
4 irreducible representations, which must all be of dimension 1. The 
identity is always represented by 1, the three other elements may all be 
represented by 1, or two by —1 and the remaining one by 1; e.g. we can 
make the choice 


(4. 08’) Peed cp — lo, = lio, = — 1. 


4.21. Anti-commuting reflections. In view of the 2-valuedness of the 
representations, the 3 elements o,, 6, and o,, may instead of (4. 07’) also 
satisfy the relations 


4 9 
geet Cee 899g FH Ss > 
a AL , a se = peas é 
(4. 07 ) oe coat Dy Og Sy Cy Cy; 
Si) = = 
o,=—1, 6, =—6, 6, = —o, o;. 


Then the centre of the factor-group L,/L,, (L,/L,4,) contains as only element 
the identity and the regular representation is irreducible and of dimension 
2 (4= 2?). The 4 elements (2.09) can be represented by the 4 Pauli 
matrices; e.g. we can make the choice 


- é ‘ , : 
(4. 08”) L134; =10,', 6, —1 6, , 6, = 7 0;, 
o;, 6, and o;,, are now anti-hermitian 


(4. 09”) o,;= —ol, o, = — ai, o, = — ol,. 


5. Embedding of S, in S, 


5.1. Product representations. 5.11. In S,. The normal divisor L,, of 
I, is generated by the finite group L,,, of which the regular representation 
contains 2 irreducible representations of dimension 2 (expressible in the 
4-row Pauli matrices). The regular representation of the factor-group 
L,|/LI,, either contains 4 representations of dimension 1 (commuting 
reflections), or is irreducible of dimension 2 (expressible in the 4 2-row 
Pauli matrices; anti-commuting reflections). The full group L, is generated 
by the finite sub-group L,,. The factor-group Ly,/L,,, is equivalent with 
L,/L,,. I4; is therefore represented by the product representation of L,,, 
and L,/L,,. For commuting reflections this product representation is of 
dimension 2 (expressible in the 4 2-row Pauli matrices), for anti-commuting 
reflections it is of dimension 4 (expressible in the 16 4-row Dirac matrices). 
We distinguish the former case by Li,, the latter case by L{. 


5.12. In S,. The normal divisor L,, of L, is generated by the finite 
group L,,, of which the regular representation is irreducible of dimension 4 
(expressible in the 16 4-row Dirac matrices). The full group L, is generated 
by the finite sub-group L,,. The factor-groups Lgj/Looj, Le/Lg, and Lgy/Laey 
L,/L,, are all equivalent. The product representation for Li, (commuting 
reflections) is of dimension 4 (expressible in the 16 4-row Dirac matrices), 
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the product representation for L% (anti-commuting reflections) is of 
dimension 8 (expressible in the 64 8-row matrices). 


5.13. Isomorphy of 4-dimensional representations. We need not 
further consider the 2-dimensional representation of L4, because even the 
4-dimensional representations will turn out to be not quite sufficient for 
our purpose. On the other hand we leave the 8-dimensional representation 
of LY until section 8. 

The 4-dimensional representations of Li’, L,, and L% are isomorphic. 
That enables us to study one of them in the notation of another one, 
according to taste. 


5.2. Embedding programm. The idea of embedding is more ambitious. 
It aims to establish a one-to-one correspondence between Li? and L,,; in 
such a way that 

HE, the elementary rotations in S, correspond to the corresponding 
elementary rotations in the sub-space S; of S, (the 5- and 6-coor- 
dinates being kept fixed); 

E, the time- or space-like reflections in S, correspond to the cor- 
responding reflection in the sub-space S; of S,, succeeded by a 
reflection in the direction of the 5- or 6-axis respectively, so that the 
reflections in S, correspond to circular rotations through +72 in S,. 

We shall see in how far this aim can be achieved. 


5. 3. Correspondence. An example of the various possibilities of such 
a one-to-one correspondence is the (left-handed) choice, which in the 
scheme of (3. 22”) can be written 


—t6,X0, —40,%0,; —26,~6,  a;x1l to,x1 

#1xo0, —t1 xo, 14,9, oO, XO, 

(5. 01) t1x%0, tapxa, Oo, XG, 
44X05 o; XG, 

—io, xl 


With the representations (3. 23’) and (4. 08”) a representation of (5. 01) 
is given by (3. 23”) (where the 2-row sub-matrices written in full appear 
as elements of the left-hand factors in (5. 01) and as representations of the 
right-hand factors). The correspondence with the common notations *) 5) 
of Dirac matrices is given in the scheme 


—ol og — 98 -—ifB=y =i! — 9? 
Dot) west yt 7 ol 
(5. 02) ot y 79 o2 
3 79 o 

08 


For reasons of taste we shall from now on continue with the notation of 
scheme (3, 22”). : 
(To be continued) 


PHYSICS 


SPINOR ROTATIONS AND REFLECTIONS. IT 
BY 


H. J. GROENEWOLD 


(Natwurkundig Laboratorium der Rijks-Universiteit te Groningen) 


(Communicated by Prof. F. ZERNIKE at the meeting of February 28, 1953) 


6. Symmetry transformations of tensors 

6.1. Of €-tensors. The e” and their adjoints et operate from the left 
on spirors y and from the right on adjoint spinors 7‘. With the operators 
(e’ i) and (e’ e) (ce Ad) we form the quantities yi (€’ 7) p and yi (€’ €%) y. 
These quantities transform under a spinor transformation 


(6. 01) ee: 


yt > yt Tt 
in the same way as when the transformation is transfered from the spinors 
to the operators according to 
ae 
(e’ €°¢) — Ti (e' €%) T. 


(6. 02) 


6.11. Infinitesimal rotations. 6.111. In S,. If the infinitesimal 
rotation (3.01) is represented by the operator 4} €%, (e’7) and (e’ e%) 
transform inversely according to 


ei) = (— fer) (e'i) + (€'4) (— 4%); 
(6. 03) 
(e’ e“) a (— 4) (e! €“) aii (e’ €“) (— 4 €*) (c +d). 


If we want them to transform respectively as a scalar and an (anti- 
symmetrical) 6-dimensional tensor according to (3.01), we must have 


\ sg (eli) =0; 
(6. 04) — (e’ e€“) rE! (g% geod _ ge ead si "ie rx = ape €°) 
_ e! 4 (e%” ec pe E4 a") 


where (3. 09) — (3. 11) have been used. In order that (6. 04) follows from 
(6. 03) it is necessary and sufficient that 


(6. 05) e' ett e = — €%? (a £D), 
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or with regard to (3. 16) that 
(6. 06) e =y'e€,; y y* =1. 


If we further want (e’i) and (e’ €) (ce 4d) to be hermitian, we must 
according to (3. 24) have y’ = +1. We choose y’ = 1 and find that (€, ¢) 
and (e, €%) (c 4d) are hermitian and under infinitesimal rotations in S, 
transform as a scalar and a 6-dimensional (anti-symmetrical) tensor (the 
e-tensor). 


6.112. In S,. If the 5- and 6-coordinates are kept fixed, (ev) and 
the components of (e, €%) (¢ Ad) can be taken together as 


(6. 07a) (€, 7) 

(6. 07) (€, €°”) 
(6. 07c) (€, €”°) 
(6. 07d) (€, €°”) 
(6. 07e) (€, €°°) 


Then under infinitesimal rotations in S, (a) and (e) transform as scalars, 
(6) and (d) as 4-dimensional vectors and (c) as an anti-symmetrical 4- 
dimensional tensor of rank 2. This fulfils point #, of the embedding 
programm. 


6.12. Hlimination of one redundant dimension. By means of the 
relation (3. 14”), in which €, = + 7, all e” containing an arbitrarily fixed 
index f (0, 1, 2, 3, 5 or 6) can be expressed in other e”’s not containing 
that index. In this way in particular either the index 5 or the index 6 can 
be eliminated from all e-tensor components. In general the rank r of an 
anti-symmetrical e-tensor can with the help of (3. 14”) be transformed 
into 4 — r,. The tensors and their ranks resulting from (6. 07) by elimination 
of either the index 5 or 6 are indicated in the scheme (6. 08), where P 
denotes the permutation (y, 6, e, ¢, 5, 6) and s, v, t, pv and ps denote as 
usual scalar, vector, (anti-symmetrical) tensor (of rank 2), pseudo-vector 
and pseudo-scalar respectively. 


“4 © f 4 © . ““ 

(€at) 0 8] (€Qi) 0 s | (€at) 0 

(6.08) §(e,e) 1 vf + (+)pig’” (ee e*) 3 pv | (Ee, €”) 1 
(e,e”9) 2 +] (e,€%?) 2 ¢ | (e,€”°) 2 

(ege'”) 1 | (e; €%) lL vw | + (4)ptg (eee) 8 

(eg) 0 | F(+)pi(eze”? e*) 4 ps | F(+)pt(€ege”’ e*) 4 


The elimination of the index 5 or 6 has no effect on the transformation 
properties of the tensors (6. 08) under infinitesimal rotations in S,. It has 


Type 


pt Rak ie 
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an effect on their transformation properties (as tensors of different ranks) 
under reflections. 

The decision whether a redundant index will be eliminated and, if so, 
which one may depend on 

D, the desired reflection properties ; 

D,, arguments of physical applications. 
We shall see that from D, we can draw arguments for the elimination of an 
index, either 5, or 6. The choice in the latter alternative can only be decided 
by D,,, (which belongs to P,,) and in the application to Dirac particles it 
is the index 6, which is eliminated. In anticipation we refer to the elimi- 
nation of the index 6 as the proper elimination and to the elimination of 
the index 5 as the pseudo-elimination. 

We shall not go into the question whether a geometrical interpretation 
could be given to the redundancy and ultimate elimination of one of 
the extra dimensions of the embedding S,. 


6.13. Quasi-reflections. Now we consider successive reflections in the 
directions of 2 coordinate axes a and b of equal signature. According to 
(4. 06) this transformation is equivalent to a circular rotation in the 
ab-plane through +2 and represented by +e”. Then it is all in a day’s 
work to consider also the transformations represented by those e”, for 
which the a- and b-directions have different signatures and which cannot 
be realized by a finite (hyperbolic) rotation. 

If the transformation is again transfered to the operators (€,7) and 
(ce, €%), the latter transform as 


ike}? (€,2) — Eby €,1 eu — €,1 E24 gab _ ge g (€,%); 
(R2)? (€, €“) — €, ec% ev) — E, E04 4 ab fe gn qe (€, e°) 


0 or 2 
l : 


(6. 09) 
(for via ~ b3 cd) = 


The result is inserted in table I. 

In this table various types of transformations are ordered in rows, the 
various kinds of transformed tensors are ordered in columns. The — and 
+ signs indicate whether under the transformation the tensor component 
respectively changes sign or not. Everywhere the 3 space-like components 
are contracted in 1 column or in 1 row and at a crossing of a contracted 
column and a contracted row the signs + and F are respectively abbrevi- 
ations of the matrices 


Zook, 12 Pass all MP4 

{ 2 33 1 Hoe a8} 

(6. 10) +—>23 1/—-— + + ee a ee iy a 
31 2/4+ — + ty eh a 

Boe ier a= ae bo) | 


From table I it becomes clear that we come closest to a proper repre- 
sentation of time- and space-like reflections in S, if according to (6. 08) 
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——E———————— OO 


| ist RL beac all is cls Sead eos Sa Se) fd Pe | 
| Spee [eet Las [ee oe obese ee le | 
| i ee ee Pea 
opnesd/atodoad opnesd/asdoad png | — — ++ 
| ae ba felled ed bel ed Pd 
opnesd/szedoad opnosd/tedoad | ++ -- 
uworqooyoua | | | 
Eee todoad/opnosd yng | — | + | | + + | = | =F le B = a a= | = hes 9” 
| aie Ieee cen ce ae ee Cae a es yee airs | 8” 
| rindion [| ene peal 2s (| |e Eee | WO" 
opnosd/1edoad todoad/opnosd a | } +] 4 = Se a — +] +4 2 
uoHeurante | 4 uormbn(uos (sroureryy) | | | | | | | | 
ou uoTtyooper-Isenb | + 4 
UoKeUTUTS | 4 wornbnluos (roust AA) | | | | | | | 
ou UOoT}O9TFeI-tsenb 
uoryeUrUnlye 4 Wounbnluoo | sdk | | 
ou suoljooyer-isenb | 4 
opnesd/1odoad | UoOtooHeL [[NF-1senb | —- — | | 
SuUOTpoTer | = + | | 
opnesd/tedoid opnesd/1edoad-isenb | 4 
Secs 
opnosd/azodoad | Su0T}e40.1-tsenb | + | 
SUOT}DOTOA | + — | 
opnesd/azedoad todoad/opnosd-tsenb | — + 
| Ayquept | + + | + | eel eee 9 ees 
uolgeurunya uolyeULIOysuRTy | | | | | | | | | | | : 10yeredo 
Jo edéq rox jo ody SUIULIOJSURT} 
| 


(y)(9x)| [7a galha Da] | 9¢3 | 403 093 | 24? 40? [ye? o¢3| 2 | 3 | soseo perods 
: qyusuodutos 
| “d °d | EN aa OE ON Cae vA oH) 10 oc} 2 ‘a | pourojsuezy, 


I WTavi 
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we eliminate either the index 5 or the index 6. If we did not have the 
factors gg’ in (6.09), we would have the following situation: for 
(pseudo-)elimination of the index 5 (for (proper) elimination of the index 6) 
the e* (e**) would represent reflection in the direction of the «-axis; the 
e* (e*) would represent the product reflection in the directions of the 
a- and f-axes; the e®* (e*) would represent pseudo-reflection in the 
direction of the a-axis (i.e. the product reflection in the directions of the 3 
other axes) and €*§ (€°*) would represent the full reflection (i.e. the product 
reflection in the directions of all the 4 axes). But this promising situation 
is spoiled by the factors g%* g°®, which make that when the a- and b- 
directions have different signatures, all signs in the transformation repre- 
sented by e” are inversed and get wrong; we shall then speak of an anti- 
representation. Summarizing, the elliptic transformations e” give proper 
representations, but the hyperbolic ones lead to anti-representations. 
For that reason we shall speak here of quasi-representations. In table I 
proper representations and anti-representations can directly be recognized 
as such by respectively a + and — sign in the column for e€,7. 

Owing to the bilinear character of the transformations (6. 02) of the 
e-tensors the phase of the transformation operator T has no influence on 
the transformation. In particular all the 4 representations of commuting 
reflections, of which (4. 08’) is one example, lead to the same trans- 
formations. In view of the isomorphy of the representations of LY, Lg; 
and Lé, we may conclude that neither of them is capable of producing a 
proper representation of the time- and space-like reflections at the same 
time. 


6.2. Of time-space dependent and mixed tensors. Now consider time- 
space dependent operators, which under rotations and reflections in S, 
transform as components of a tensor, e.g. the 4-vector «* or the 4-vector 
(orbital velocity) operator 


A he 6 he 0 
(6. 11) Pa + € 9" (2) = — 5255 + 55 dpe tC a (*) 


(6/6x, differentiates towards the left; m, is the 4-potential). From such 
tensors and the e-tensors mixed tensors can be formed. In P,,, all physical 
quantities of Dirac particles, which are described by spinors y, can be 
considered to be represented by such mixed tensors. These mixed tensors 
will (owing to their formation) automatically transform properly under ° 
rotations in S,, but the transformations under reflections have to be 
considered with care, because of the odd behaviour of the e-tensors. 

In order to correlate the reflection properties of the time-space dependent 
tensors and the e-tensors, we need a special criterion. E.g. one may take 
for reference some mixed expression like 


(6. 12) €, {is(x) + &* v,(x) + €” t,(x) + €& u(x) + €°8 w(x)} 
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and try to correlate the symmetry transformations of €, (7, €**, a ee 


and €°*) and those of the time-space dependent operators s(x), V,(x), t.g(2), 
u,(x) and w(z) in such a way, that (6. 12) remains unchanged or at most 
changes sign. That makes that for every separate transformation repre- 
sented by an e” one can to §, Vy, tz, U, and w at liberty assign simultane- 
ously either the same or the opposite transformation sign as to €, tig eo 
e*?, 6 and €°%) respectively. Further one can try to choose this sign in 
such a way, that s and w transform as either a scalar or a pseudo-scalar, 
v, and u, as either a vector or a pseudo-vector and t,, as an (anti-sym- 
metrical) tensor (of rank 2). There is just one possibility, which in this way 
fixes the sign uniquely and which is also inserted in table I. Under all 
transformations s transforms as a scalar, t,, as a tensor and w as a pseudo- 
scalar; under the transformations €°*’ v, transforms as a pseudo-vector 
and u, as a vector, under the transformations e®” v, transforms as a 
vector and u, as a pseudo-vector (under the other transformations a 
vector and a pseudo-vector transform in the same way). 

An important practical application is that for which (6. 12) denotes a 
Lagrangian. For an electron in an electromagnetic field ~,(a) e.g., s(x) is 
given by mc? (a scalar indeed), v,(x) by (6. 11) (a proper vector) and t,,(2), 
u,(z) and w(x) are then zero. 

If in particular (6. 11) transforms as v,(), this will hold for p, and for 
e p(x) separately. The transformations of p, can (for rotations as well as 
for reflections) be transfered to the w(x) and yi(x) on which it operates 
respectively from the left and from the right. That makes that x* in the 
arguments of y(x) and y‘(a) transforms inversely to v, and that entails 
that «* in the arguments of all time-space dependent quantities like 
€ (2) has to be transformed in the same way. For reflections in particular 
the inverse transformation is not distinguished from the direct one. The 
transformations of the argument x* (and also of the electromagnetic 
potential ey,(%) and the electro-magnetic field e F,,(x)) are likewise 
indicated in table I. 

The transformations of mixed tensors, like e.g. the energy-momentum 
density-current tensor . 


(prt = et 4 Et (a) eget ey (2) 
a a he 6 he 0 ; 
ip = a (a) ege™ (— 32 gap +3 aap + P= (@)) v (2) 


can be infered from table I by combination of the concerning columns. 


7. Conjugation 


Under all transformations considered so far the terms p, and e p(x) of 
(6. 11) always transform in the same way. They will transform in the 
opposite way if we take the complex conjugates. 


Eo 
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7.1. Conjugation of the es. 7.11. The e€-operators. According to 
(3. 09) — (3. 11) the complex conjugates e** of the e” satisfy the relations 
(3. 09*) eab* os eoa* — 2g Q 


(3. 10*) Ead* ebc* g? ea : 


(3. 11*) Ead* ecd* 1 ecd* ead® _ () eh c#d)= ae 


otherwise 


From (8. 14”), in which €, = +7 (upper sign for ‘‘left handed’’, lower sign 
for “right handed” chirality), it follows that 


(7.01) Et* ecd* eof* — F(+)pi. 
Therefore e* and e** are isomorphic, but have opposite chirality 


= 9 eab* ~ E@. 
(7. 02) 2 =) 

In order to compare two representations of the e’s with opposite 
chirality (which can be done in many ways), we define with regard to a 
fixed index f (which may be chosen 0, 1, 2, 3, 5 or 6) 


ob 03) evi e = ee (for Cl (a == b; f) ae Ar 
R R 
so that 
(7. 04) 2? mw @ff)0 ww plfiad> 
R Ti R 


Consequently there has to exist an operator t, such that 


(7. 05) 2) = ol) Elf)abe et. pF — 4 NT? 

R R 
(we may take t'? at once the same for the L- and &-representation). One 
finds (omitting again the index LZ or f#) using (3. 16) — (3. 19) 


ett — pT Ethabrt _Nt 


= —1 = 
(7. 06) Ce, €% e71 = ci) t eX elflbae @—1* gift ; 
—j] _. wa ca 
] €, 70 Elba ei) * ed — all F em Elida g—1* iNit 

so that 

€, 7) = yl oi t ef; pte, = y* eX ll) 
(7. 07) a 

ET!) = yy pT eX 
Therefore y = y'?*, whereas one may choose |y”| = 1, so that y? = + 1. 


The sign of y? and also the sign in (7. 05) can be found by constructing 
an arbitrary representation of the e”. For the representation (3. 23”) one 
finds (apart from an indetermined and provisionally irrelevant phase 
factor) 


(Ts 08) (9) = er. i) a e*, (2) 2) €6, 3) ant e% (5) a is (6) _ €. 
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That gives g/ for y” and for the factor +1 in (7. 05) 


a ef). le lt ee 
(7. 09) e, 7) = gi ol! T ef; Me, —gletr  ; et — gle ; 


7.12. The e-tensors. Now we consider the conjugation operation 
Coy =o! yt; 


eal 
Gen, CY yt = tt ot, 


Under this operation the expressions x‘ (€,1)y and 7! (€, e“)y transform as 
CO yt (egt) yp = ght ct eg ic!) y* = — g" {yt (Eg) y}* 
=—g" pi (eat) x; 
(7.11) 9 CW yt (ey 5) y = ytt ot es ee yt = + gi! {yt (ex€%) y}? 


= + gi! wt (e,€%) x (for ci(e 4d; f) = i 


Transfering the transformation from the spinors to the operators has 
now to be done with special care, because of the way in which one has 
either to take the complex conjugate, or (because of the hermiticity of the 
operators) to interchange y and y. This has been indicated by asterisks 
in table I, in which the results of (7. 11) have been inserted. 

It appears that (apart from the interchange of y and yz) t gives an 
anti-representation of the time-like reflection in the 0-direction (and 
«®) similarly for the 5-direction) and the +” give a proper representation 
of the space-like reflections in the k-directions (and t® similarly for the 
6-direction), all if neither the index 5, nor the index 6 is eliminated in 
(6. 08). The anti-signs are due to the factor g/’ (but owing to the — g” the 
proper and anti-representations are in the case of conjugation distinguished 
respectively by a — and + in the column for e,7 in table I). 


7.2. Conjunction of time-space dependent and mixed tensors. We take 
once more (6. 12) as a reference mixed tensor and now try to determine 
the transformations of s, v,, t,;, u, and w in such a way, that (6. 12) is 
transformed into plus or minus its complex conjugate (or the expression 
with y and y interchanged, supposed that the time-space dependent 
operators are hermitian). Then for every separate transformation the 
S, V,, t,g, Uy and w all have to obtain either the same or the opposite sign 
as €, (2, €*, 6%, 66 and 56) respectively. In view of the fact that in a 
practical case (the Dirac electron) s(x) may be the scalar mc?, one can 
e.g. try to assign in all transformations a + sign to s(x). In that case + 
gives for the time-space dependent tensors v,, t,;, u, and w an anti-repre- 
sentation of the reflections. Table I shows the results. 


7.3. Compound conjugation. Under an even number of successive 
conjugations the chirality is preserved and y and x are not interchanged 
(the even product is no “true conjugation”), under an odd number 
chirality is reversed and y and y are interchanged. The result of the 
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transformation can directly be read from table I by multiplication of the 
corresponding signs. 
We pay special attention to the product transformation of the con- 


jugations represented by 1" = g/ * and +" (f ~g) 
(7.12) (C9 CO? y= oi) 20 ys; 
i Cc” ca yt = zi ot Ot 


For the product operator +t 1 (f 4g) we have 


/ 
/ 


\ (riot zit) (€, 1) (o) <0) = g'! g%? (€, 4); 


(7.13) (eT att) (ey %) (al 19) = 4g ge” (eC, €). 
| (for ci(c#d; feg=°% *) 


Comparison with (6.09) shows that 
ta: 14) ail) gia t = vito) €/9 : vito) yifo* els. 


Therefore the transformation CC is equivalent with the trans- 
formation (R’)? (this equivalence can also be read from table I). 

By a suitable choice of the phases of the +, the y can be made real 
(ie. +1). E.g. if we change (7. 08) into 


(7.15) 1) = €18, oD = 03, 2) — j €56 13) — gl, 705) — 7 62, x16) — jE, 


we obtain 
(00) (01) +02) (03) 405) (06) _] i} a) ‘a ad 
yO) 11) -y12) (13) (15) (16) ] ib al eo ee 
(7. 16) (20) (21) (22) (23) (25) (26) cS ‘oe ie Sil 1 1 
y(30) (31) (82) (88) (85) (36) ] ip al es eee 
(50) y(51) (52) (53) 455) (56) =] ‘eee Tae leer 
‘\ (60) (61) (62) (68) (65) (66) ie =a ‘ee 1 1 


In a certain sense the single conjugations with the t'” in the present 
section 7 can be considered as more elementary than the transformations 
with the e” in section 6, because the transformations of 6 (quasi-reflections 
and also rotations) can be derived from those of 7 (and those of 7 not 
from those of 6). 


8. Anti-commuting reflections in S, 

8.1. The group Lv’. We now turn to the 8-dimensional representation 
of 12. 8-dimensional representations including reflections have been used 
in different ways, a.o. by WATANABE °), who stressed the importance of 
the relations between reflections and rotations. 

For L,,; we take 2 different 4-dimensional representations e{’ and ej?, 
which we shall relate to each other later on. For L¢j/L,,.; we use (pro- 
visionally) the representation (4. 08”). In the product representation we 


188 


shall only need a few of the 64 8-row matrices. In the first place (apart 
from the unit matrix 1) 


(8. 01) Foete ue Be — (% y) 
0 4? 0 €4? 


in an obvious notation and 


0 i i 0 0 ) 
= > => 6) Le 
(8.02), ( ») (, x) . (# : 


in the same notation. The -hoice (8. 02) corresponds to the choice (4. 08”). 
The way in which other choices will modify the results will be mentioned 
later on. We have 


( SEs ber, ee ee 
(8. 03) a Ee — Fx ap ; =, F—/% — K/e ra 
Xi, EV=E'2,, , Lie E'? = —” Zi. 


and the importance of the choice of the representation (8. 02) lies in the 
correlation of undashed and dashed E’s in (8. 03). If we further introduce 
the 8-row matrix 


(8. 04) Ee (a : ) Ee (a : ). 
0 €na O- €y 


then (E,7) and (E, E“) (¢c 4d) are again hermitian. With the 8-row 
spinor Y and the 8-column conjugated spinor Z* 


(8. 05) wa (07), Bt= (dod 

bir 
we form the quantities St (E,1)WY% and St (E, E“)W (c ~d). We again 
consider the transformation properties of these quantities and doing so 
we shall once more transfer the transformation from the spinors to the 
operators (E-tensors). 


8.2. Symmetry transformations in S,. 8.21. Rotations. The infini- 
tesimal elementary rotation (3.01) is now represented by the operator 
3 E*’ and the rotations can now be treated in the same way as in the 
4-dimensional representation. (In case the representations e%? and e%? 
would have different chirality, special care should be necessary where 
chirality comes into play; they will turn out to have the same chirality). 


8. 22. Reflections. Because reflections in the directions of coordinate 
axes with equal signature are related to each other by (4. 06), we can at 
most try to choose the representation of 1 time-like and 1 space-like 
reflection. Because the 5- and 6-directions seem the least biassed, we 
begin by trying to represent the time- and space-like reflections $> and S& 
along these axes respectively by 


(8. 06) Oat) wes 
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Then the time- and space-like reflections $° and S* in the 0- and k-directions 
have because of (4. 06) to be represented by 
ee Qo = + QE = 4 5, B= + E5,; 

- 07) QF = + QSE* — + TEX = + EWE, 


We find the transformations 


S6(E, i) = ZtE, 72, =(E,i); 
te $*(E, i) = 2} B,i 2, = Ej i); 
S*(E,i) = E*t SE, 72, E* = (E,i); 
: S°(E, i) = E% St E, i=, E° = (E;i) 
an 


/$*(E,E*) = Bt EB, E*2, = (E, E*); 
$5 (E, E*) = E} E, E“Z, = (jE); 
S(f EB“) EW sth EWS, EY = (BE, E%): 
(8.09) (for ei(e- d; 6,k) = ° "A *) 
S°(E, E*) = Ei 2 E, EY 2a, E°= = (E, E™). 


(for ci(e Ad; 5,0) = poe *) 


i 


Now the representations ef’ and e7? can be chosen so, that the reflection 
properties are correct, provided according to (6.08) the index 6 is 
eliminated. In fact we choose 


eP=teP(=e%) 5 cep eh — ef, 
8.10 
( | (for ci Gebe Na) on.) 
but 
(8.11). €7q = €z7q (= €,)- 
Then 
Ee — ge Ee s F56 F2 F5é6 — Eee: 
oe) (for ca (@ 4b; 5, 6) = , fa *) 
but 


The result of the transformations (8. 08), (8. 09) is then shown in table I, 
where the lower index at the ,,)9* indicates that the reflection repre- 
sentation is correct when the index 6 is eliminated (proper elimination). 

In order to obtain the proper representation for eliminated index 5 
(pseudo-elimination), the choice for the representation (8.02) should be 
made so, that not Z,, but Z, appears diagonal in this semi-symbolic 
notation. Then the undashed and dashed E’s in the right hand members 
of (8. 08), (8. 09) are interchanged and with the same choice (8. 10) — 


13 Series B 
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(8. 13) we obtain the then desired transformation properties, which are 
indicated in table I by ,,)&2’. 

No choice appears possible, which gives reflection properties such as 
would be correct if none of the indices 5 and 6 would be eliminated. 


8. 23. Transformations of time-space dependent and mixed tensors. The 
reflection properties of time-space dependent and mixed tensors can be 
derived straightforwardly in the same way as before and are also inserted 
in table I. 


8.3. Compound reflections. If we choose the signs in (8. 07) and take 
e.g. the lower sign in the first relation and the upper sign in the last one, 
the products of 2 successive reflections S* and S’ are represented by 
(8. 14) Qs Q? — Yd) EX 
with 

Too Pon Pos) Pos) 1 Ay eel ee 

To pan pos poo) _A J _A 1 
(8. 15) TO) TO) T5) T6) - 1 A ay | HN 

Tso Pw) Pos Pwo) tos Ge Ye) 
The anti-commuting combinations are Q”, Q” (k Al) and also Q®, 
2°, 2, OQ” commutes with 2, 2% and Q®. A is given by 


Because 

(8. 17) AE®={E®A , ATEJ=E,A 
and 

(8. 18) Ate i, 


the operator A represents a remarkable transformation, for which all 
components of the E-tensors (E, 7) and (E, E“) (ce 4d) (and consequently 
also of all mixed tensors and in particular of all operators which represent 
physical quantities) change sign. This transformation is also inserted in 
table I. We shall call A the anti-representation of the identity (or shortly 
the anti-representation). 

(8. 14) — (8. 16) shows particularly clear that the E® (and also the e*) 
can only give a quasi-representation of the product reflections. The 
elliptic E* for which the a- and b-direction have equal signature (are 
made to) properly represent a circular rotation through +2, but the 
hyperbolic E” for which the signature of the a- and b-direction is dif- 
ferent, obtain an extra factor A, which turns the proper representation 
into an anti-representation of the desired transformation. 

Further it appears that the E® cannot be derived from the Q? alone, 
but only from the Q* and A together. 
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8.4. Reflections in arbitrary directions. An arbitrary direction in S, 
(described by a unit vector p*; p* p, = +1) can by transformations of 
the group L,, be transformed in the 5-direction if it is time-like (p* p, = —1) 
or in the 6-direction if it is space-like (p* p, = 1). If such a transformation 
is represented by D”® or D”® respectively, the reflection in the direction 
of p* is represented by 
\ 2” — D” Q? Da (p* rae 1); 

1 Q? = D* Q8 Dp (p* p, = 1). 
With the E-representation of rotations this straightforwardly works out 
into 


(8. 19) 


$2? — — p, E® 2° = Ap, E26 — (p* p, = — 1); 

S22 =  p, B® 28 = Ap, E% 2° —  (p* p, = 1). 

The bilinear occurrence of the transformation operators 97% in (8. 08), 
(8. 09) already provides for the bilinear character of the reflection (4. 01) 
in p* and by that a linear relation like (8. 20) becomes possible. Time-like 
and space-like reflections have to be sharply distinguished. 


(8. 20) 


8.5. Compound transformations. Like in the 8-dimensional repre- 
sentation the quasi-reflections can be represented by the E”, the con- 
jugations can be represented by the operators T 


(8. 21) To — @ t ). 


0 a () 
The transformations are then just as in the 4-dimensional representation 
and table I can be used again. The transformation signs of all kinds of 
products of the various transformations can also be taken from table I. 
In particular with the operator A anti-representations of transformations 
of the €-tensors can be turned into proper representations and vice versa. 


8.6. Decomposition of the 8-dimensional representation. Because in the 
semi-symbolic notation (8.01) the E” appear in a diagonal form, the 
components of the quantities Zi (E,71)% and 37 (E, E”)¥ (and likewise 
of those formed with mixed tensors) can with the choice (8. 10) — (8. 13) 
be decomposed into 

Ei (E;i)P = yh 
ot (EE) Y = yf 
(8. 22) Bi (ER, EY") = v4 


Eq?) yp + th 


= 


ty 


) 

€,€") wr + xh 

he pee zs Hs €,€°) Wi; — a €, €° as 
) 


This cee aiid shows even more renee how the doubling of the 
dimension of the representation makes possible a proper representation 
of the coordinate reflections. 

As long as we only use 8-row matrices of the type E,, E” (e.g. in the 
operators representing physical quantities), the components y,; and wy, 
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never get mixed up. But that brings us quite near to the problems of P,,, 
which for the moment we do not want to get mixed up with those of P,. 


a 


9. Some current transformations 

Symmetry transformations (in particular reflections) have frequently 
been studied and the vast number of possibilities is far from exhausted. 
We compare here (in the notation of table I) only a few well known 
examples from literature 7) and for the moment exclude (as too narrowly 
connected with P,,) formalisms which explicitly use ‘superquantized”’ 
ys and yi’s or which deal with interactions between different particles. 


9.1.. The sign of charge. Table I gives the transformation signs of the 
products e y, and e F’,,. One is at liberty either to conserve the sign of e 
under the transformation (then gy, and F,, transform with the signs given 
in the table) or to inverse the sign of e (then g, and F,, transform with the 
opposite signs). 

9.2. Quasi-reflections. The full space-like reflection (i.e. the product 
of the 3 space-like reflections; in table I: the pseudo-time-like reflection) 
represented by e°° and the time-like reflection represented by e® have 
been introduced by Racau 8). The full reflection (i.e. the product of the 
two preceding transformations) represented by e*® has often been used. 
At the same time the sign of e may be inversed °). 


9.3. Conjugations. If under conjugation the sign of e is conserved, 
y,, and p, transform with opposite sign; if the sign of e is inversed (charge 
conjugation), my, and p, transform with the same sign. 

WIGNER !) applied a general conjugation (conserving the sign of e), 
which in case of spinor particles is represented by t®. KRAmMERS ") used 
for spinor particles a conjugation (inversing the sign of e), which is repre- 
sented by +. 

Of the 3 transformations represented by e°° (with charge inversion), 
7) (with charge conservation) and + (with charge inversion) each one 
is equivalent with the product of the other two ”). 

The question which.of the many possibilities of P, have physical signi- 
ficance is a matter of P,). 
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GEOLOGY 


SOME GEOLOGICAL OBSERVATIONS IN THE GHAB-AREA 
(NORTHERN SYRIA) 


BY 


CAESAR VOUTE 


(Communicated by Prof. G.H.R.von KoEn1Icswatp at the meeting of March 28, 1953) 


While pursuing special geological investigations in the Ghab-area in 
northern Syria, some new data could be observed. As several of these 
data may be of interest for the general geological knowledge of the region, 
they will be briefly described in the present paper in the following separate 
paragraphs: 

1. A newly found outcrop of Eocene limestones at Ras el Ain Machta 
Sirmana. 

2. Upper Miocene or Pliocene conglomerates south of Nahr el Bared 
and near Tell Aamgiyé. 

3. Quaternary basalts in the Kfeir area. 

4. A stratigraphical section of the Cenomanian and the Senonian near 
Qalaat Chajar. 


1. A newly found outcrop of Eocene limestones at Ras el Ain Machta 
Sirmana 

It was found that the spring of Ras el Ain Machta Sirmana flows 
from an outcrop of probably Eocene limestones. This spring of Ras el 
Ain Machta Sirmana is situated at the eastern foot of the Jebel Alaouites, 
near the border of the marshy plain of the Ghab-valley, about 11 km 
south of the little town of Jisr ech Chorhour on the river Orontes (French 
Levant Grid: z = 202.950 and y = 418.650). 

The thickbedded limestones of this outcrop show an eastward dip of 
about 50°, and they are visible over a length of some 1500 m from north 
to south and over a width of up to 250 m in east-west direction. At their 
western side they are in a fault contact with Cenomanian limestones of 
the Jebel Alaouites. Eastward they dip .nderneath the hillside waste 
and the piedmont fans along the foot of the mountains. They belong to 
a faultblock between two step-faults, bordering the big Ghab-graben on 
the west-side. 

The rocks consist of very coarse-grained, brittle, greywhite to white 
brechoid limestones. 

A thin-section showed fragments and cross-sections of a Discocyclina 
sp. The lithology of the rocks corresponds very well with the description 


194 


of the Middle Eocene limestones of the northern part of the Jebel Alaouites 
(DuBERTRET, 1937b). Other similar Middle Eocene limestones are found 
about 20 km farther eastward on the highest parts of the Jebel Zawiyé, 
(DuBERTRET, 1932). A Discocyclina from Eocene rocks has been described 
from north eastern Syria (Davin, 1933). 

On the Jebel Alaouites these limestones form small caps on deeply 
eroded Upper Senonian chalky marls (DUBERTRET, 1937b). On the Jebel 
Zawiyé they cover directly the Cenomanian limestones over extensive 
areas (DUBERTRET, 1937b, 1952). At Ras el Ain Machta Sirmana the 
rocks underlying these limestones are still unknown, but they consist 
probably of Cenomanian limestones. 


2. Upper Miocene or Pliocene conglomerates south of Nahr el Bared 
and near Tell Aamagiyé 


Thick conglomerate deposits were discovered at two places: south of 
the spring of Nahr el Bared along a long but narrow stretch, and to the 
east and north east of Tell Aamaiyé. 

The spring of Nahr el Bared lies at the eastern foot of the Jebel Alaouites, 
at the southern end of the marshy plain of the Ghab-valley (French 
Levant Grid: x = 207,850 and y = 371,600). From Nahr el Bared on 
southward in the direction of Massiyaf appears a long range of narrow 
but rather high hills, consisting of very massive conglomerate-layers. 

These conglomerates, best observable in the deep-cut valley of Ouadi 
Abou Qbeiss, about 34 km south of Nahr el Bared, show a total thickness 
of at least 250-300 m. They have a reddish matrix, and they are coarse- 
to-very coarse. They are situated between the double fault of Massyaf 
(which border the Alaouites Mountains on the east, and which form the 
southward continuation of the borderfaults of the Ghab-graben, see 
DUBERTRET, 1952). 

The layers show a dip eastward, varying between 15° and 45°. 

The stratigraphical relations of these conglomerates are not clear, 
as there was no occasion for studying them more thoroughly. 

Probably they are. related to the lacustrine Upper Miocene, visible 
further southward and also eastward in the Acharneh-basin. 

Tell Aamgiyé lies along the eastern border of the marshy plains of the 
Ghab-valley, near the western foot of the Jebel Zawiyé (French Levant 
Grid: x = 212,400 and y = 403,600). At about 1 km north-east of Tell 
Aamqiyé are found the southernmost remnants of extensive basalts, 
having flowed over the higher parts of the Jebel Zawiyé, down the moun- 
tainside and along the foot of the mountains. In the Tell Aamqiyé region 
these basalts can be seen to cover not only the Cenomanian limestones 
of the Jebel Zawiyé, but also conglomerates, similar to those of Nahr 
el Bared, described here above. The conglomerates are in fault-contact 
with the Cenomanian limestones. A Pliocene age is accepted for the basalts- 
flows (DUBERTRET, 1952, and personal communications), so the conglomer- 
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ates could be Pliocene or Miocene, as no non-marine deposits are known 
from this part of Syria before the Upper Miocene, at the moment the 
Ghab-graben came into being. 


3. Quaternary basalts in the Kfeir area 

In the Jisr ech Chorhour region, just as to the east of Maarret enn 
Naamane and south of Aleppo extensive basalt-sheets are found. These 
basalt-sheets, which show a varying degree of weathering, are generally 
accepted to be of Lower Pliocene age (DUBERTRET, personal communica- 
tions, and 1945, 1952), and they are in a strong contrast with non-weathered 
Quaternary to quite recent basalts of the Kara Sou-graben (north of 
the Amouk) or of the Jebel Druze, south of Damascus (DUBERTRET, 
1933, 1942, 1945). The finding of strongly weathered basalts in the Kfeir 
area, south of Jisr ech Chorhour, lying on Pliocene-Quaternary plastic 
lacustrine marls, therefore forms an interesting fact. 

The small village of Kfeir lies about 4km south of Jisr ech Chorhour, at 
the northern end of the marshy plains of the Ghab-valley, in the immediate 
neighbourhood of a basalt-threshold in the Orontes river (French Levant 
Grid: x = 206,650 and y = 425,150). Kfeir itself lies on a hill formed 
by more or less weathered basalts, with intercalations of ashlayers with 
scoria and bombs. From about 900 m south of Kfeir on the following 
sections were found along a length of 550 m southward along the right 
bank of the Orontes river, in artificial outs, made for irragations-pumps: 


a. near the sharp westward bend of the river: 
about 50 cm of stony soil; 
about 600 cm of brown, sandy marls showing many small flint-pebbles; 
about 70 cm of a strongly weathered basalt-layer; 
unknown thickness of whitish plastic lacustrine marls. 

b. About 50 m farther to the south: the same. 

c. About 500 m farther to the south, near the southern end of the 
straight, north-south going, stretch of the river: still the same. 


At a point, about 400 m south of Kfeir, a well was dug, 15 m deep. 
The following section was observed in the well: 


0— 100 em darkbrown sandy marl with small flint-pebbles; 
100— 200 ecm blueblack weathered basalt; 
200— 250 cm brown sandy marl with pebbles; 
250-1125 cm plastic lacustrine marls; 
1125-1500 cm greywhite chalky sandy marls. 


The plastic lacustrine marls belong to the Pliocene-Quaternary (personal 
communication of Mr. Duperrret, who one day visited the locality 
with us; see also DupmrRTRET, 1945 and 1952), the greywhite chalky 
sandy marl corresponds to the lacustrine series of Jisr ech Chorhour 
(Upper Miocene, Dusrerrrer, personal communication, and 1945 and 


196 
1952). The overlying conglomerate- and pebble layers are Quaternary, 
and according to some observations which still lack further confirmation, | 


their upper parts could be of paleolithical age. It results therefore that 
basalt-eruptions took place in the Jisr ech Chorhour region at some 


moment of the Quaternary. | 
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Fig. 1. 
F F = mayor fault. 


The youngest flows in this region seem to be connected with an ashcone 
with bombs, scoria, lapilli-layers and basaltflows, the remnants of a much 
eroded, small volcano situated on the southernmost part of the Jebel 
Ouastani (east of Jisr ech Chorhour, French Levant Grid: 2 — 211,800, 
y = 425,250). 

Some conclusions can be drawn from the above described facts. In 
the first place it appears that outside the regions of known Quaternary 
basalt-eruptions, still other, post-Pliocene, eruptions took place. Secondly 
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the degree of weathering of the basalts requires no connection with the 
age of the basalt-flows. 


4. A stratigraphical section of the Cenomanian and the Senonian near 
Qalaat Chajar 

A description will be given of a section of the Cenomanian and the 
Senonian, visible near Qalaat Chajar on the Orontes. 

The village of Qalaat Chajar (build in and on the ruins of the Seleucid 
town of Larissa) lies about 22 km to the north west of the town of 
Hama, at the border of the Syrian plateau and the downfaulted Acharéh- 
basin (DUBERTRET, 1952). Some 300 m north east of Qalaat Chajar 
(French Levant Grid: x = 228,750, y = 369,350) the following strati- 
graphical succession was observed. 

Down to the bottom of the Orontes a series of at least 50 m thickness 
is visible, consisting of thickbedded limestones, with very few and thin 
interstratifications of marls and marly limestones. The grey and white 
limestones are much recristallised and coarse to medium grained, with 
a dolomitic aspect at some places. A little way upstream along the Orontes 
the upper part of this series shows interstratifications of dense sublitho- 
graphic or pseudo-odlithic limestones. No fossils were seen, although the 
limestones contain elsewhere Lithothamnium- or Stromatoporoid-like 
structures. 

On top of the Cenomanian limestones a thick bed is found of about 
10 m of a coarse to medium grained friable or brittle granular limestone, 
with a white colour. This bed forms a distinct scarp or in any case a 
break in the valley sides. 

Above the last mentionned bed are found highly fossiliferous white 
chalkmarls, about 5 m thick. The fossils are several different Lamelli- 
branchia and fish-teeth. No time was available to collect fossils. 

Then follows a series of chalkmarls showing interstratifications of 
marls. The colour of the whole series is white. In the higher part of the 
series, about 40 or 50 m above their base, some yellow and brown flints 
occur. 

This section shows some differences with the series described by 
DvuBeERTRET (1937a) from the Jebel Alaouites. The Cenomanian differs 
from that of the Jebel Alaouites in being less fossiliferous and in showing 
less numerous and less prominent marly interstratifications. The Senonian 
of the Jebel Alaouites contains in its basal parts not only fish-teeth, but 
often also much glauconite and phosphatic concretions, nodules and 
pebbles. 

The 10 m of granular limestones, forming a scarp between the Cenoma- 
nian and the Senonian rocks, can perhaps be compared with the 2-3 m 
of fossiliferous chalky limestones with Turonian ammonites, mentionned 
by DusertRet (1937a) from the Jebel Alaouites. 


Davin, E. 
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GEOLOGY 


QUELQUES OBSERVATIONS GEOLOGIQUES FAITES DANS LA 
REGION DE RASTANE (SYRIE) 


PAR 


CAESAR VOUTE 


(Communicated by Prof. G. H. R. von KoentGswa.p at the meeting of March 28, 1953) 


Lors d’études en 1952 dans la région de Rastane, en Syrie, nous avons 
pu faire quelques nouvelles observations sur la géologie de cette région. 
Le village de Rastane se trouve entre Homs et Hama, a l’endroit ot la 
route nationale de Damas a Alep traverse le Nahr el Aassi (la fleuve 
Oronte). 

Nous y voyons une série de marnes, marnes crayeuses et marno-calcaires 
marins, et recouverte par une autre série crayeuse, celle-ci lacustre. Des 
“nappes basaltiques sont venues s’épandre sur une grande partie de ce 
pays. L’Oronte a creusé sa vallée dans ces basaltes, les dépots lacustres 
et la série marine sousjacente. 


a. Série marine. Celle-ci est bien visible au bord de la route nationale a 
Rastane, surtout pres de l’extrémité Est du pont sur |’Oronte (coordonnées 
Lambert Levant, x = 243,850 et y = 331,900). L’épaisseur visible est de 
40 m a peu pres, mais quelques observations, que nous avons pu faire 
ailleurs, indiquent que |’épaisseur total pourra étre au moins de 200 m. 
A Rastane les seuls fossiles trouvés sont un Pecten sp. et un Discocyclina sp. 

Ce Discocyclina indique que ces couches, formant le sommet de cette 
série, appartiennent vraisemblablement a |’ Eocéne. 

Les sédiments sont formée par une alternance réguliére de marnes, 
marnes crayeuses dures et calcaires marneux. 

Les calcaires marneux montrent un pourcentage élevé de petits frag- 
ments détritiques plus ou moins arrondis de calcaire grisblanc, rappellant 
parfois des odlithes, dans une gangue blanchedtre. Quelques menus 
fragments de coquilles s’y voient aussi, ainsi que quelques petits foramini- 
féres, indéterminables en coupe. La glauconie s’y trouve par endroits 
trés abondamment, ailleurs seulement en quelques grains épars, mais se 
rencontre dans toutes les lames minces. Quelques km a l’E de Rastane 
le sommet de la série contient du silex. La roche est blanche et jauneblanche. 

La lithologie rappelle beaucoup celle des marnes crayeuses du Crétacé 
supérieur décrites par Duperrrer (1933a, 1937a, 1943) de maintes 
endroits. Par contre la différence est grande avec les calcaires bréchiques 
éocénes, décrits par DuperTret (1937b). Des marnes crayeuses et des 
calcaires crayeux éocénes comparables sont décrit par DUBERTRET (1937c) 
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de la Syrie méridionale (de la partie orientale de l’Anti-Liban p.a.) et du 
Dj. Bichri (DUBERTRET 1933b). 
La série, un peu ondulante, est trés légérement inclinée vers le S et le SE. 


vers Alep 


Usine hydro DEIR FOUR 
elec oie 3 RPASTANE *® 


vers Tripolt 


bers DP 77729 S 


Fig. 1. Carte schématique de la région décrite. 


b. Série lacustre. Celle-ci est visible en maintes endroits, et elle se 
laisse facilement confondre avec les dépots marins. Nous en donnerons 
une coupe détaillée étudiée juste au N et au dessus de l’affleurement de 
V’Eocéne décrit ci-dessus: 


niveau 6: 10 m au moins, dépots crayeux et marneux, blanes ou rougeatres, 
en partie terreux, avec deux minces intercalations de calcaires 
noduleux. Ces niveaux caleaires sont recouverts par une mince 
couche Cargile rouge. 

niveau 5: 4 m de ecalcaires blancs friables ou massifs, finement pisolithiques, 
poreux, contenant par endroits des gastropodes lacustres, ou 
des empreintes de roseaux. 

niveau 4: 4,50 m de couches crayeuses assez dures, avec souvent beaucoup de 
pisolithes. 
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niveau 3: 1 m d’une marne crayeuse blanche a pisolithes, avec une mince 
intercalation d’un conglomérat. 

niveau 2: 3 m d’une marne crayeuse blanche a pisolithes peu nombreuses. 

niveau 1: 5 m de hts de graviers ou conglomérats grossiers avec une inter- 


calation de marne crayeuse blanche. 


Les banes du niveau 5 se manifestent le long de la vallée en une falaise, 
facilement reconnaissable de loin. Le niveau 5 constitue un niveau constant, 
dont la roche varie quelque peu entre des calcaires massifs ou A grain 
fin, caverneux, 4 empreintes de tiges de roseaux, etc. et des calcaires 
marneux pisolithiques. Les niveaux 2 a 4 sont surtout variables en épais- 
seur. Les éléments constituant le niveau 1 sont des galets de calcaire, 
des silex bien arrondis et des boules de basalte trés altérées. Les galets 
de caleaire, et les silex ont jusqu’a 10 cm de diamétre, les boules de basalte 
peuvent méme avoir jusqu’a 30 cm de diamétre, et sont alors nettement 
plus grandes que les autres éléments. La gangue des graviers et des poudin- 
gues est formée d’une marne crayeuse blancheatre. Le niveau 1, formant le 
niveau de base de la série lacustre, est trés variable en constitution, épaisseur 
et situation topographique. II s’agit en effet de la couverture d’une 
ancienne topographie, et l’endroit décrit prés du pont de Rastane montre 
un remplissage d’un ancien petit cours d’eau. Ailleurs ce niveau est donc 
représenté par des graviers fins ou, au N du village de Rastane (a l’endroit 
dont les coordonnées sont: # = 243,550 et y = 332,150) par a peu prés 
50 cm d’une marne rouge, friable et sableuse avec de petits galets de 
basalte altérés. A certains endroits cette couche disparait méme entierement 
et alors ne subsistent que des boules de basalte éparses dans les marnes 
de base de la série lacustre. 

A deux endroits on voit, au niveau du contact entre l’Eocéne marin 
et les terrains lacustres susjacents, une petite coulée de basalte trés 
altérée, comprise dans des marnes blanches pleines de cailloutis de basalte 
et de cendres. Les marnes blanches ont la méme constitution et le méme 
aspect que les marnes lacustres, mais elles contiennent d’avantage d’élé- 
ments détritiques. Ces représentants d’une phase éruptive basaltique nous 
expliquent la provenance des galets basaltiques dans les couches basales 
du lacustre, avant la phase éruptive importante pliocéne et post-lacustre. 
Ces deux coulées de basalte se trouvent l'une a quelques centaines de m 
au N de l’usine hydro-électrique d’El Ghajar (sur la rive droite de l’Oronte, 
coordonnées: x = 238,850, y = 331,200), et autre au SE du village de 
Deir Four (coordonnées: # = 254,600, y = 330,150). 

La grande masse des dépots lacustres est formée par des marnes crayeuses 
souvent dures et en bancs épais. L’étude microscopique nous montre 
Vabsence de glauconie, mais la présence par contre, dans les couches 
basales, de petits grains noirs bien arrondis, vraisemblablement de sable 
basaltique. Les sédiments sont formés en grande partie par des fragments 
calcaires détritiques et ils sont assez hétérogénes en détail. Il semble bien 
que ces sédiments soient formés par des éléments remaniés de I’HKocéne 
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marin, avec un supplément d’autres matérieux détritiques. On y trouve 
des pisolithes en maintes endroits et & tous les niveaux. Ces pisolithes, 
avec une structure zonée en couches concentriques trés typique, varient 
en grandeur de 2 4 5 mm dans les calcaires jusqu’a 4 cm dans les marnes. 

En remontant l’Oronte en amont de Rastane nous voyons dans la 
région de l’usine hydro-électrique d’El Ghajar que la série lacustre change 
d’aspect en prenant une couleur rougedtre. Les sédiments consistent 
alors en des marnes sableuses et terreuses. 

L’ancien lac, ott ces dépots se sont formés, avait ses rivages non loin 
du village de Rastane. Nous voyons ainsi disparaitre les couches lacustres 
au NE du village de Rastane (& une distance de 5 km environs, mi-chemin 
entre Rastane et le Jebel Abou Dardé) et prés du grand siphon traversant 
VOronte & 6 km al’E de Rastane, au S de la riviére. En ce dernier endroit 
(coordonnées: x = 249,700, et y = 333,150) je n’ai retrouvé entre les basaltes 
de la grande nappe et l’Eocéne marin que 15 cm environs de dépots 
résiduaires formés par des galets et des fragments de silex anguleux. La 
série lacustre ne réapparait alors que dans la région de Deir Four, 10 km 
a l’E de Rastane, avec les mémes caractéres que dans la région de Rastane 
méme. Partout la série a un pendage trés léger vers le S, vers les parties 
centrales de l’ancien lac. 

La série lacustre, qui est antérieure aux basaltes pliocénes, doit appartenir 
au Miocene supérieur '), période dans laquelle de grands lacs se sont 
formés en Syrie. 


1) Communication orale de M. L. DuBERTRET, lequel nous a accompagné un 
jour sur le terrain dans la région décrite. 
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CHEMISTRY 


CONTRIBUTIONS TO THE PROBLEM OF THE ASSOCIATION 
BETWEEN PROTEINS AND LIPIDS. V *) 1) 


a) Investigation of the composition of the characteristic oleate/gelatin 
associations in the range of pH 8 to 10 

b) Discontinuous and continuous changes in the density of packing in the 
sandwich micelles of the lipid-protein associations 


BY 


H. G. BUNGENBERG DE JONG anv C. MALLEE 


(Communicated at the meeting of May 30, 1953) 


1. Introduction 

By mixing a gelatin solution and an oleate solution in various pro- 
portions (at constant overall concentration of potassium tetraborate) 
coacervation occurs in a certain range of mixing proportions. In section 3 
of part III of this series the results of the analytical determination of 
the components (oleate and gelatin) of coacervates of this kind and their 
equilibrium liquids have been given. 

It appeared that in general the oleate/gelatin ratios in coacervate, 
equilibrium liquid and in the total system are all different. At one 
particular mixing proportion, however, this ratio is the same in coacervate 
and equilibrium liquid, and consequently also in the total system. This 
one particular mixing proportion may be taken as indicating the com- 
position of the characteristic lipid-protein association 2). We thus found 
that at pH 9.24, 15 millimoles oleate were bound to 1 g. gelatin. It was 
further ascertained that at, or very near to, the above mentioned particular 


mixing proportion 
a) the volume of the coacervate is a maximum 
b) the dry weight of the coacervate is a maximum 
c) the dry weight of the equilibrium liquid is a minimum. 
Therefore measurements of the coacervate volume or dry weight 


determinations of either coacervates or equilibrium liquids may in principle 
be used to determine the composition of the characteristic lipid-protein 


*) The term lipids is used here in a wide sense, including fatty acids and other 
long chain electrolytes. 

1) Part I has appeared in these Proceedings 45, 601 (1942), parts IT (A, B and C), 
III and IV in these Proceedings, Series B, 55, 317, 329, 338, 347, 360 (1952). 

2) Compare the analogous case described in Kruyt, H. R., Colloid Science, 
Vol. II, (Elsevier Publ. Comp., Amsterdam, 1949). See fig. 22, pag. 361. 
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association. These methods may be used instead of the much time 
consuming analytical methods mentioned above. 

The coacervate volume method has already been applied to investigate 
how the composition of the lipid-protein association depends on the pH. 
The results of this investigation have been described in part III, section 5. 
To obtain pH-values other than 9.24, mixtures were used of potassium 
tetraborate with K,CO, (higher pH-values) or with KH,PO, (lower pH- 
values). The results have been reproduced here once more in fig. 1. The 
coacervate volume method gave no difficulties in the pH-tract where 
the curve has been drawn in full. 


/00 
90 


% Neate 


g ] /0 7 


Fig. 1. Mixing ratio of 2 % gelatin and 2 % oleate solutions which correspond 
to the maxima of the coacervate volume curve in a mixing diagram as a function 
of the pH. 


At lower pH values, however, the applicability of this method very 
soon came to an end (unfavourable physical properties of the coacervate; 
for details see part III, section 5). Though it was certain that the curve 
of figure 1 rises anew as the pH becomes gradually lower, the mixing 
proportions of optimal coacervation could no longer be determined here 
with any accuracy. The steepness of the dotted part of the curve in 
figure 1 is therefore very uncertain already. At still lower pH-values 
the coacervate volume method completely failed to give any information 
about the course of the curve. 

When it is tentatively assumed that at sufficiently low pH the curve 
rises anew to a horizontal level, this would point to the existence of two 
kinds of lipid-protein associations of constant composition, the one of 
which is present in a pH-range upwards from approximately pH 9.1, 
and the other in a range of lower pH values, which is situated to the left 
of the minimum in figure 1. 

We decided to study anew the problem how the composition of the 
lipid-protein association depends on the pH in the range of pH 8 to 
10 with a more appropriate method. In this method neither the volume 
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of the coacervate nor its composition should play any réle, because of 
the unfavourable properties of the coacervate at lower pH values. 

After what has been said at the beginning of this section it will be 
clear that the only method which remains is determination of the dry 
weights of the equilibrium liquids as a function of the mixing proportion. 
At the mixing proportion where the dry weight of the equilibrium liquid 
is a minimum the oleate/gelatin ratio of the lipid-protein association 
will be the same as the oleate/gelatin ratio in the total system. 


2. Materials and Methods 


a) Materials and Stock solutions. In the present investigation both the oleate 
and the gelatin are of different source as those used in part III. Instead of Sodium 
Oleate, Neutral Powder, Baker, we started from ‘‘Olsaéure reinst”’ from E. Merox, 
Darmstadt. For the preparation of the mixtures of a given series we started from 
stock solutions of 0.1 N K-oleate, the latter being made by dissolving the required 
amount of oleic acid in the equivalent amount of KOH. 

In part III we used an ash free preparation of gelatin made from Gelatin Fo, 
from the ““Lijm en Gelatinefabriek Delft” at Delft, Holland (I.E.P. appr. 5). 

For the studies described in this part we started from Purified Calfskin Gelatin 
from Eastman Kodak (I.E.P. 4.52, ash 0.034 %). The gelatin sheets were cut into 
smaller pieces, after which the latter were further reduced in size by means 
of a Multimix blendor. 

A stock solution of this gelatin (30 g + 1000 g H,0) was made in the usual 
way. (4 hour at 18° and thereafter 1 hour at 40°). It was divided into smaller portions, 
which were stored in the refrigerator (+ 1°) until use. Dry weight determinations 
of this gelatin stock solution gave as its concentration 2.47 g. gelatin/100 ml 
solution. 


b) Preparation of the mixing series. The mixing series were made in much the 
same way as the one described in part III. The total volume of each mixture was, 
however, much greater (at least 60 ml), which was necessary to carry out dry weight 
determinations in triplo. 

The formulae for preparing the mixing series have been given in Table I, column 8, 
the composition of the buffers used in these formulae has been given in columns 3-7 
and the K-ion concentration in the total mixtures, due to the buffer, has been given 
in column 2. 

The pH values (glass electrode, 40°) given in column 1 are those of the buffer 
diluted with water in the same proportion as in column 8 with gelatin and oleate 
solution. These pH values can be considered to equal approximately those of the 
corresponding mixtures containing gelatin plus oleate. The apart mixtures of a 
mixing series were prepared in wide tubes (with rubber stoppers) which were deeply 
immersed in the thermostate (40°). 


c) Sampling of the equilibrium liquids. After standing overnight the equilibrium 
liquids were carefully sucked off by means of a pipette and were collected in glass 
stoppered Erlenmeyer flasks. The flasks were replaced in the thermostate (40°) 
to dissolve a new fraction of coacervate which might eventually have separated 
on cooling. When the equilibrium liquids became perfectly clear at 40°, the flasks 
were put into the refrigerator (+ 1° C) and stored until analysis. When, however, 
an equilibrium liquid remained turbid or slightly turbid the intended sampling 
of equilibrium liquid free from coacervate had obviously not been achieved. In this 
case the often small fraction of suspended coacervate drops was removed by 
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repeated filtration through the same paper filter until the equilibrium liquid was 
perfectly clear. Of course this filtration has to be performed at 40° and besides no 
water should evaporate during filtration. A simple device was used, consisting of 
a wide glass tube modelled as drawn in figure 2, containing the funnel and closed 


Fig. 2 


with a rubber stopper. The aparatus was immersed in the thermostate up to the 
lower end of the rubber stopper. 

In the mixing series at pH 8.0 great difficulties were met with in filtering off 
the equilibrium liquids of the mixtures lying immediately to the right of the mixing 
proportion of optimal coacervation. The milky appearance of these mixtures 
diminished only slightly after each filtration. These difficulties were due to the 
presence of small droplets of oleic acid suspended in the equilibrium liquid. 


d) Determination of the dry weight. In order to take samples of the equilibrium 
liquids stored in the refrigerator, the Erlenmeyer flasks must first be warmed anew 
in the thermostate of 40°, in order to redissolve the coacervate, which has separated 
from the equilibrium liquid on cooling. Then three samples were taken with a 
pipette of each now clear equilibrium liquid. These samples were brought into 
flat Ni-dishes of known weight. After weighing again the dishes were placed on a 
steam bath until the water had evaporated. Afterwards the dishes were heated 
at 105° C until constant weight. 


e) Estimation of the oleate/gelatin ratio at which the dry weight of the equilibrium 
liquid is a minimum. The dry weights (means of triplo determinations) of the 
equilibrium liquids were plotted as a function of the oleate/gelatin ratios which 
were present originally in the total mixtures of a mixing series. 

These ratios were at once expressed in millimoles oleate per g gelatin (calculated 
from the volume ratio oleate stock solution/gelatin stock solution in the mixtures 
and from the known concentrations of both stock solutions). The next step was 
now to read off from the so obtained graphs at which oleate/gelatin ratio the 
minimum of the dry weight curve is situated. As a consequence of the fact that these 
curves show sometimes a relatively flat minimum, errors in this estimation cannot 
be avoided. They can be reduced by taking into account the course taken by the 
two more or less steep ascending branches of the dry weight curve. An example 
of a normal dry weight curve has been given in figure 3A. In this case the two 
ascending branches happened to be practically straight lines. Uncommon 
shapes of the dry weight curve were met with at both ends of the investigated 
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pH-tract. At pH 10 the curve shows one distinctly ascending branch only, whereas 
the other — to the left of the minimum — ascends only slightly and soon reaches 
a shallow maximum (see figure 3B). 
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Fig. 3A, 3B and 3C. Examples of dry weight curves (see text) 


A very uncommon shape of the dry weight curve was found at pH 8.0 (see figure 3C). 
From left to right the curve first descends quite normally with decreasing slope 
to about 14 millimoles oleate/g gelatin. Instead of ascending at higher oleate/gelatin 
ratios (as is suggested by the dotted curve) it descends again and reaches at roughly 
20 millimoles oleate/g. gelatin a very flat minimum. On this branch of the curve 
the filtration difficulties mentioned above sub c) occurred. It has been pointed 
out that these difficulties are due to droplets of free oleic acid suspended in the 
equilibrium liquid. Obviously oleate which is added in excess to the ratio of about 
14 millimoles oleate/g gelatin is completely hydrolyzed and suspended in the equili- 
brium liquid, from which it is subsequently separated by filtration. This explains 
the second descend of the dry weight curve. Therefore the minimum at roughly 
20 millimoles oleate/g gelatin cannot be considered to indicate the composition 
of the characteristic lipid-protein association at pH 8.0. 

Most likely this composition is given by the oleate/gelatin ratio where the second 
descend just begins. Of course this ratio cannot be estimated with great accuracy. 
It must lie near to 14 millimoles oleate/g gelatin. This is supported by the fact 
that the rate of sedimentation of the flocculi (consisting of small coacervate drops 
adhering to each other) is greatest here. In the last column of the table we gave 
therefore the value of 14 millimoles oleate/g. gelatin but it will be clear that the 
possible error in this case is much greater than that of all other values in the last 
column of the table. 

The error of the latter may be estimated not to exceed 0,2—0.3 millimoles oleate/g 
gelatin. 


3. Discussion of the results 


a) Survey of the experimental results. Importance of a sufficiently high 
salt concentration in the mixing series. It has been explained in the 
introduction that at the mixing proportion where the dry weight of the 
equilibrium liquid is a minimum, the oleate/gelatin ratio in the total 
mixture will indicate the composition of the characteristic lipid-protein 
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association. The experimentally determined values of this ratio, expressed 
in millimoles oleate/g gelatin have been given in column 9 of Table I. 


TABLE I 
ee 
! Buffer is composed of Scheme for the preparation of the Millimoles 
iS aeee the mixtures. oleate/g gelatin 
H sre ae ml ml ml ml |(B = buffer; G = gelatin stock | (attheminimum 
a vias K,B,0, |K,CO,|K,CO,/ KH,PO, EKO solution; O = oleate stock of the dry 
N LN aon NSH RIN: 1N : solution) weight curve) 
10.0 0.667 150 90 _ — 60 | 20mlB +amlG + (40-a)ml 0 13 
10.0 0.429 25 _ 75 - — | 30mlB +amlG + (40-a)ml 0 8.5* 
9.4 0.463 325 35 — — — | 20mlB +amlG + (40-a)ml 0 12.5 
9.4 0.333 65 _ 35 - — | 20mlB + amlG + (40-a)ml 0 8.5* 
9.24 | 0.333 100 -- _ - — | 20mlB+amlG + (40-a)ml 0 12.7 
9.15 | 0.333 90 = = 10 — | 2mlB+amlG + (50-a)ml 0 12 
9°05)" 05333 87.5) — ~ 12.5 — | 25mlB +amlG + (50-a)ml 0 4.9 
8.90 | 0.333 82.5) — — ies — | 25mlB +amlG + (50-a)ml 0 5.1 
8.78 | 0.333 75 — _ 25 — | 25mlB + amlG + (50-a)ml 0 | 8.5 
8.64 | 0.333 70 _ _ 30 — | 256ml B +amlG + (50-a)ml 0 14.4 
8.4 0.444 60 -- -- 40 50 | 440ml B +amlG + (20-a)ml 0 14.5 
8.0 0.444 53.5 | — _ 46.5 50 | 440ml B+amlG + (20-a)ml 0 14 


Two of them have been marked with an asterisk. For reasons to be 


explained below, these values cannot be used in the discussion concerning 
the composition of the lipid-protein association as a function of the pH. 

In part III, section 2, of this series we studied the influence of the 
salt concentration on the coacervation gelatin + oleate + salt. Potassium 
tetraborate was taken as the salt. The pH was consequently 9.24. It was 
shown that a certain salt concentration is necessary for coacervation 
(below approx. 0.08 mol/l coacervation does not occur) and that the 
maximum of the coacervate volume curve lies decidedly lower at the 
first appearance of the coacervate (approx. at 70 % oleate) than at the 
final value of this maximum (approx. at 80 % oleate) at salt concentrations 
above 0.1 mol/l. This phenomenon was found to exist in the whole range 
of pH-values (9.15-10.4), where the curve in figure 1 shows a horizontal 
level. The salt concentration above which the maximum of the coacervate 
volume curve does not longer shift, is higher as the pH is higher. At 
pH 8.94 (approx. at the minimum of the curve of fig. 1) we found, contrary 
to the behaviour at pH 9.15 and higher, that the maximum of the coacervate 
volume curve (after the first appearance of the coacervate) shifts in 
the opposite direction before it reaches its final value (part III, section 5). 

It will be clear that what has been said above has to be taken into 
account in an investigation of the influence of the pH on the composition 
of the characteristic lipid-protein association, The salt concentration 
must accordingly be sufficiently high to prevent that the salt concentration 
itself enters as a second variable, which influences the position of the 
maximum of the coacervate volume curve 
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This has been done in the investigation, which was described in part IIT, 
section 5, as a result of which we obtained the curve, represented in 
figure 1. We see in this figure that the mixing ratios of optimal coacervation 
are practically equal at pH 9.24, 9.4 and 10.0. When we turn now to 
Table 1, it is seen that the oleate/gelatin ratios obtained in the first 
(pH 10.0), the third (pH 9.4) and the fifth (pH 9.24) horizontal row are 
also practically equal, but that they are much lower in the second (pH 10.0) 
and fourth (pH 9.4) horizontal row. We may conclude from the above 
that these latter ratios (the ones marked with an asterisk) cannot be 
used in the discussion concerning the composition of the lipid-protein 
association as a function of the pH. In the last mentioned cases our 
experiments obviously did not comply with the requirement that the 
salt concentration should be sufficiently high to prevent that the salt 
concentration itself enters as a second variable which influences the 
position of the maximum of the coacervate volume curve (or the minimum 
of the equilibrium liquid dry weight curve). 

The marked increase of the oleate/gelatin ratio at increase of the salt 
concentration up to a value which at higher salt concentration reaches 
an end value, is quite interesting by itself. But as this is not the subject 
of the present section, its discussion will be postponed till section 4. 


b) Dependence of the composition of the lipid-protein association on the pH. 
When the ratios (millimoles oleate/g gelatin) in column 9, Table I (except 
for those marked with an asterisk; see above sub a)) are plotted against 
the pH, we obtain figure 4. When we compare fig. 4 with fig. 1 the 


millimoles oleate 


g gelatin 


PH 


60 82 84 86 88 90 92 94 96 9B 100 


Fig. 4. Composition of the lipid-protein associations as a function of the pH *) 


superiority of the method of investigation (dry weight determination 
of the equilibrium liquids) adopted in the present investigation, is very 
striking. pH-values, lying to the left of the minimum on fig. 1 are in- 


*) The expression millimoles oleate/g gelatin, used in this figure as ordinates, 
is litterally applicable to rather high pH-values (e.g. to the right of the minimum 
of the curve). At lower pH-values the expression stands for millimoles oleate + oleic 
acid/g gelatin. 
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accessible to investigation by the coacervate volume method. It was 
certain that with increasing pH the curve rises somehow again, but we 
doubted whether the dotted part of the curve of figure I gave approximately 
its real course. With the present method of investigation pH-values 
lying to the left of the minimum have become accessible to investigation. 


Figure 4 shows that: 
a) the ascending branch of the curve to the left of the minimum is 
steeper than was suggested by the dotted part of the curve of fig. 1, 
b) from approximately pH 8.6 it proceeds horizontally in the direction 
of lower pH-values. 


The most prominent feature of fig. 4 is the occurrence of two horizontal 
levels, one to the right of the minimum and one to the left of it. This 
means that two ranges of pH-values exist in which the composition 
of the characteristic lipid-protein association is independent of the pH. 
Moreover one may conclude from figure 4 that in these two regions of 
the pH-values the composition of the characteristic lipid-protein association 
is not the same. The ratio millimoles oleate/g gelatin amounts to approx. 
14.3 in the pH-range 8.0-8.6, whereas this ratio is approximately 12.7 
in the pH-range 9.2—10.0. 

Though this difference in composition is but relatively small, we think 
it to exceed the experimental errors. We may therefore conclude that 
the nature of the lipid-protein association to the left and to the right 
of the minimum of fig. 4 not is identical. 

The difference must however be such, that it implies only a small 
change in the oleate/gelatin ratio. 


c) Nature of the two associations of constant composition. In part III, 
section 5, the upward direction of the dotted part of the curve in figure 1, 
combined with the observation that at pH 8.4 and 8.7 in the absence 
of gelatin, oleic acid separates out, led to the idea that, in the association 
which occurs in the pH-range to the left of the minimum of fig. 1, molecules 
of oleic acid take part in the lipid-protein associations here. We suggested 
the possibility that the curve in fig. 1 reaches a new horizontal level 
when the pH is sufficiently lowered. This leads to the hypothesis that 
the sandwich micelles enclosed between the two protein monolayers will 
consist of an “acid soap”. By the latter expression is meant that oleate 
anions and oleic acid molecules both take part in these micelles in a 
certain defined proportion. In figure 5A we have arbitrarily assumed this 
proportion to be 1:1. At pH-values higher than 9.2 we have to assume 
lipid-protein asociations in which the sandwich micelles consist of oleate 
anions only. See figure 5B. 

This hypothesis was of course only a tentative one, as the actual course 
of the curve in fig. 1 to the left of the minimum was not known. It gains 
considerably in probability by the results of the present investigation 
(see fig. 4). The supposed horizontal level to the left of the minimum 
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really exists. Moreover the relatively small difference in composition of 
the associations as indicated by the left and right horizontal levels of 
fig. 4 respectively, can be foreseen qualitatively. 

In the sandwich micelles of fig. 5B the oleate anions stand close to- 
gether, whereas those of fig. 5A are situated further apart and are 
separated by oleic acid molecules. 


TTT == TITTTTTT 
AMI ANTI 


Fig. 5. Schemes of the lipid-protein associations present in the coacervate. A: at 
a pH lower than 8.6, B: at a pH higher than 9.2. The oleate anions are represented 
with white heads, the oleic acid molecules with black heads 


Hence, as a result of weakening of the Coulomb repulsion, the packing 
of the sandwich micelles of an acid soap (fig. 5A) will be more tight than 
that of sandwich micelles consisting of oleate ions (fig. 5B). Presumably 
the presence of hydrogen bonding may also contribute to this effect. 

A tighter packing in the sandwich micelles will involve an increase 
in the ratio millimoles oleate/g gelatin. But as there is already a relatively - 
tight packing in the sandwich micelles consisting of oleate anions only 
— see fig. 5B —, the partial substitution of oleate anions by oleic acid 
molecules cannot lead to a considerably tighter packing in the sandwich 
micelles as represented in fig. 5A. 


This explains the experimental results, that: 

a) the lipid-protein ratio is higher on the horizontal branch of the curve 
to the left of the minimum than on the horizontal branch to the 
right of the minimum, 

b) that this difference is relatively small. 


d) The presence of a deep minimum in the composition-pH curve. In 
figure 4 the two horizontal levels are separated by a minimum which is 
situated between the pH-values 9.2 and 8.6. It is striking that in the 
range from pH 9.2 to 8.6 the curve has a relatively complicated course. 
One could imagine that the two ends of the horizontal levels would be 
connected by a sloping straight line, or more probably by an S-shaped 
curve, in such a way that in passing from the lower to the higher level, 
the connecting line never drops beneath the lower horizontal level. 
Now such a simple shape of the curve between the pH-values 9.2 and 
8.6 could be expected, when oleic acid molecules, set free by lowering 
of the pH, could be taken up into the sandwich micelles in the associations 
of fig. 5B in a gradually increasing proportion. This would go on to 
the composition which is characteristic of the sandwich micelles of 
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fig. 5A, which was taken arbitrarily to be 1: 1. In other words, a simple 
course of the curve as supposed above between pH 9.2 and 8.6 would 
indicate complete miscibility of oleate micelles of either type (the one 
consisting of oleate anions only and the other of acid oleate), which are 
enclosed between the protein monolayers. As the curve in fig. 4 actually 
does not show such a simple course between pH 9.2 and 8.6, it follows 
that, for some reason, complete miscibility is not possible. 

Before continuing we must refer briefly to the theory given in part IT C 
of this series. Herein separate rdles were attributed to the salt and to the 
linear protein macromolecules for the formation of soap-protein associations 
of the type given in fig. 5B. 

The salt was supposed to promote the transformation of spherical 
soap micelles into rudiments of large sandwich micelles, which were 
designed by the term precursors. The protein macromolecules adsorb 
these precursors and thereby promote their coalescence into large sandwich 
micelles, now enclosed between two protein monolayers. 

There is no reason why the same would not apply to precursors 
consisting of acid oleate. They too will be adsorbed by the protein 
macromolecules and the latter will promote their mutual coalescence 
into large sandwhich micelles as represented in the associations of fig. 5A. 
We will assume that what was said above concerning the absence of 
complete miscibility of soap and acid soap in the sandwich micelles of 
the lipid protein associations, applies already to the precursors. 

When in an oleate solution containing precursors of oleate anions, 
due to suitable conditions (pH and salt concentration), the pH is lowered 
to a certain value, so that part of the oleate is converted into oleic acid, 
two types of precursors will be formed, the one of which consists of oleate 
anions, and the other of acid oleate. When gelatin is present and the 
pH is such that the two kinds of precursors compete appreciably for 
being adsorbed by the protein macromolecules, associates will be formed, 
containing both kinds of precursors. As a consequence of the inmiscibility 
of the two kinds of precursors, no large sandwich micelles can be formed. 
The precursors remain individuals and give rise to free spots in the associates 
(see fig. 6). As a result the oleate/gelatin ratio of such associates is lower 
than the one of the associates which contain either oleate anions (fig.5B) 
or acid oleate (fig. 5A). 
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Fig. 6. Tentative scheme for the structure of the lipid-protein association at 
approx. pH 8.9 (see text). 
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In the trend of this reasoning, the minimum of the curve in fig. 4 
indicates the pH at which there is an equal competition between both 
kinds of precursors for being adsorbed on the protein macromolecules. 


4. Continous changes of the density of packing 


In the previous section we attributed the difference in composition 
of the lipid-protein association in the regions pH 8.0-8.6 and pH 9.2-10.0 
to a closer packing in the sandwich micelles in the first named region 
of the pH. Leaving out of consideration the peculiarities in the intervening 
range of the pH, one might say that in changing a certain variable — in 
this case the pH — a discontinuous change in the packing occurs. One 
might ask if variables exist, which contract a continuous change in the 
packing, and if so, how this can be explained. 

We have mentioned in section 3, sub a), that, by gradually increasing 
the salt concentration, the maximum of the coacervate volume curve 
at the first appearance of the coacervate, lies at a lower mixing proportion 
(expressed in °% oleate) than the one reached at higher salt concentration. 
Further increase of the salt concentration does not contract an appreciable 
shift of the mixing proportion of optimal coacervation. As an example 
of the results obtained at pH 9.24 we gave in part III: at about 0.08 mol/l 
tetraborate, the maximum of the coacervate volume curve lies at about 
70 % oleate and from 0.1 mol/l tetraborate onwards it lies at 80 °% oleate. 
From this example follows that a continuous change of the oleate/gelatin 
ratio exists in the associates in the range between 0.08 and 0.1 mol/l 
tetraborate. 

The amount of oleate bound to 1 gram gelatin increases to the 
(80:70) x (30:20), that is to the 1.7 fold of the amount bound to 1 g 
gelatin at the first appearance of the coacervate. Table I shows, that 
with increasing salt concentration (see rows 1, 2, 3 and 4) both at pH 9.24 
and pH 10.0, the composition of the associates shows an analogous 
change (8.5 > 12.5 and 8.5 ~ 13 respectively). From the lower to the 
higher concentration the oleate/gelatin ratios increase to the 1.49 and 
the 1.53 fold respectively. These examples show that considerable changes 
in the density of packing of the oleate ions in the sandwich micelles of 
the lipid-protein association of the type cf fig. 5B are effected by an 
increase of the salt concentration. We will try to explain why these 
changes are found in a relatively small range of salt concentrations, 
which are a little higher than needed to bring about coacervation. 

In our view the explanation must be sought for in terms of the density 
of packing in the precursors themselves. As already stated in section 3, 
sub c), precursors are defined as intermediate stages between spherical 
micelles and large sandwich micelles. According to Boots *), the former 


3) Boor, H. L. in Kruyt, H. R., Colloid Science, Vol. II, pp. 711-713, (Elsevier, 
Publ. Comp., Amsterdam, 1949). 
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are transformed into the latter by adding a salt to a solution of soap 
in water. The carbon chains in the interior of the spherical soap micelles 
lie more or less at random, whereas in the sandwich micelles they are 
orientated more or less parallel to each other. It is feasible, therefore, 
that when precursors just appear at increase of the salt concentration 
the parallelity of the carbon chains in them will be very imperfect still 
and, consequently, the mean packing will be relatively loose (see fig. 7A). 
At further increase of the salt concentration the parallelity improves, 
hence the packing becomes denser (see fig. 7B). This is continued till 


Sie SMITA: 


Ce 


SANS HIN 


Fig. 7. Influence of the salt concentration on the density of packing in precursors. 
A: at low salt concentration, B: at higher salt concentration 


the packing is relatively tight and can hardly become any tighter at further 
increase of the salt concentration. When the above mentioned precursors 
of various grades of packing are adsorbed on the protein macromolecules, 
which results in associates of the type of fig. 5B, lipid-protein associations 
will be formed in which the density of packing in the sandwich micelles 
will show a continuous increase in tightness, up to a point where no 
further increase occurs at increase of the salt concentration. Thus, at 
the first appearance of the coacervate the oleate/gelatin ratio increases 
with increase of the salt concentration up to a value, which remains 
practically constant at further increase of the salt concentration. 

It appears that at the pH of the minimum of fig. 1, the influence of 
an increase in the salt concentration is just the reverse. The oleate/gelatin 
ratio here shifts in opposite direction (towards lower values of the 
oleate/gelatin ratio). 

As at this minimum we have to reckon with a competition of two 
kinds of precursors (see section 3, sub c), the reverse shift mentioned 
above might point to an increase of the specific difference of the two 
kinds of precursors with increasing salt concentration. One might for 
instance think of a decrease of their partial miscibility. However it 
may be, the existence of a shift to smaller values of the oleate/gelatin 
ratio at increase of the es concentration, is of importance for the reality 
of the minimum in 

In the region pH 8.6—9.2 Abe minimum will increase in depth at increase 
of the salt ea The minimum is therefore not the result of 
a too low salt concentration in this region of the pH. 
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5. Comparison of the results with those of part III 


We may mention the following difference in the results of this investigation with 
those of part IIT: 


a) the salt concentrations needed to obtain the beginning of coacervation, are 
higher here, 

b) the salt concentrations needed to obtain an oleate/gelatin ratio which at 
further increase of the salt concentration remains constant, are higher here, 

ec) the ratio millimoles oleate/g gelatin of the association in the region pH 
9.2-10.0 at a salt concentration where this ratio is independent of further increase 
of the salt concentration, is lower here (approx. 12.7 instead of 15). 


We must ascribe these differences to the use of gelatin and oleate of other sources. 
We are inclined to ascribe them in the first place to the oleate which was used 
in these experiments *). Oleic acid was dissolved in an equivalent amount of a 
solution of KOH, so. that only K-ions are present in the mixtures. In part IIT we 
used Na-oleate from Baker (which contains Na-palmitate as an impurity). Thus 
in part III K-ions plus Na-ions were present in the mixtures. Now we know from 
investigations on the coacervation of oleate that the salt concentration which is 
needed to bring about coacervation, becomes lower by substituting part of the 
KCl by NaCl. *). For the formation of elastic-viscous oleate systems the substitution 
of KCl by NaCl has the same influence °). 

We may therefore safely assume that at a given salt concentration the precursors 
of the oleate which was used for the studies described in part III are more densily 
packed than the precursors of the oleate which was used in the present investigation. 

This explains the differences mentioned above sub a) and b). If the difference c) 
is caused mainly by the use of oleate of other source (and not by the other preparation 
of gelatin), this would point to interesting specific differences of cations on the density 
of packing in the sandwich micelles. For the time being, however, point c) must be 
left unexplained here. 


6. Summary 


1. The composition of the characteristic lipid-protein associations 
occurring at the optimal mixing ratio of oleate and gelatin in the 
coacervation gelatin + K-oleate + K-salt, has been investigated as a 
function of the pH in the range pH 8.0-10.0. 

2. An indirect method, based on the results of part III of this series 
has been used. It consists of the determination of the mixing proportion 
where the dry weight of the equilibrium liquid is a minimum in a number 
of mixing series of different pH. From this mixing proportion and the 
known concentrations of the oleate and the gelatin solutions which were 
used, the oleate/gelatin ratio in the characteristic association has been 
evaluated. 


4) The differences mentioned sub a) and b) were found to be present too, when 
the gelatin was the same as that used for the experiments described in part III, 
but the oleate was made from oleic acid + KOH. 

5) Unpublished experiments by H. L. Boow. 

6) H. G. BuncENBERG DE JonG, W. A. LOEVEN and W. W. H. Weyzen, these 
Proceedings 53, 1122 (1950). 
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3. To provide for the intended variation of the pH we used in the 
mixing series either potassium tetraborate (pH 9.2) or appropriate 
mixtures of the latter with KH,PO, (lower pH-values) and K,CO, (higher 
pH-values) respectively. 

4, The total salt concentration in the mixtures has been chosen high 
enough to prevent that the salt concentration itself enters as a second 
variable next to the pH. 

5. The method proved to be superior to that used in part II of this 
series, in this respect that the range of the pH 8-9 now has become 
accessible to investigation. 

6. The curve representing the composition of the characteristic lipid- 
protein association as a function of the pH has two horizontal levels which, 
in the range of pH 8.6—9.2, are separated by a deep minimum at approxi- 
mately pH 8.9. 

7. The oleate/gelatin ratio at the level stretching from pH 8.0-8.6 
lies at 14.3 millimoles oleate/g gelatin, that at the level stretching from 
pH 9.2-10.0 lies somewhat lower, viz. at 12.7 millimoles oleate/g gelatin. 
It is concluded that the associations occurring at lower (8.0—8.6) and 
higher (9.2-10.0) pH-values, are not identical. 

8. A hypothesis has been given to the effect that the general structure 
of the two associations is the same in both pH-ranges (large sandwich 
micelle enclosed between two protein monolayers), the difference being 
that in the range pH 9.2-10.0 the sandwich micelle consists of oleate 
anions only, whereas in the range pH 8.0-8.6 the sandwich micelle 
consists of an ‘“‘acid soap’’, i.e. a mixture of oleate anions and oleic acid 
molecules in a definite proportion. 

9. The higher value of the oleate/gelatin ratio in the range pH 8.0-8.6 
compared to that in the range pH 9.2-10.0 (see 7) is ascribed to a closer 
packing of oleate ions plus oleic acid molecules in the sandwich micelle 
than of oleate anions alone (in the acid soap the Coulomb repulsion is 
less and probably hydrogen bonding acts too in the direction of a closer 
packing). 

10. The peculiar shape of the curve mentioned sub 6 in the range 
pH 8.6 to 9.2 leads to the conclusion that a gradual substitution of oleate 
anions by oleic acid molecules until the composition of the “acid oleate” 
is reached, is not possible. Thus in the association with protein, acid 
oleate and oleate are not miscible in any proportion. 

11. The theory given in part II C of this series may be helpful to 
explain the occurrence of a deep minimum in the curve mentioned sub 6. 
This theory attributes apart réles to the salt (transition of spherical 
micelles into precursors of large sandwich micelles) and to the linear 
protein macromolecules (collect the above precursors and compel them 
to coalesce into one large sandwich micelle, enclosed between two protein 
monolayers). 


12. At a pH (in the presence of salt) where the precursors consist of 
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acid oleate, the formation of the lipid-protein associations will take 
place in the same way as mentioned sub 11. 

13. When it is assumed that the absence of complete miscibility of 
oleate and acid oleate also applies to the corresponding precursors, both 
kinds of precursors will be present side by side in a certain range of the pH. 

14. In the case of serious competition the macromolecules collect 
both kinds of precursors, but because of their mutual inmiscibility they 
cannot compel them to coalesce into one large sandwich micelle. In that 
case spaces between the two protein monolayers will remain unoccupied. 
As a result the oleate/gelatin ratio may even decrease to a value (5 milli- 
moles oleate/g gelatin) which is considerably lower than those at either 
side of the pH-range 8.6-9.2 where we found 14.3 and 12.7 millimoles 
oleate/g gelatin respectively. 

15. At a salt concentration lower than has been mentioned sub 4 the 
salt concentration itself is a variable which, at constant pH, influences 
the lipid-protein ratio of the association. The observed changes in 
composition can be explained by continuous changes in the packing of 
the precursors. 

Department of Medical Chemistry, 
University of Leiden. 
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THE SECOND ORDER CORRECTIONS FOR PENDULUM 
OBSERVATIONS AT SEA 
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F. A. VENING MEINESZ 


(Communicated at the meeting of April 25, 1953) 


§ 1. Abstract 

An important paper by Miss Brarrice H. Worstey *) induced the 
writer to take up this subject again. The present paper approaches it 
from a slightly different angle and leads to new formulas for the effect 
of the component of the disturbing acceleration in the sense of the 
swinging-plane of the pendulums as well as for that perpendicular to 
this plane. The first formula has a part that checks well with nearly all 
the values for this correction computed by Miss Worsley but there is 
another part of the correction that has also to be taken into account 
and the sum of the two agrees entirely with the old formula hitherto 
used and formerly derived by Browne; it converges quickly to it for 
the larger periods of the wave-movements experienced in submerged 
submarines. So there seems to be no reason for doubts about this formula 
as feared by Miss Worsley. The new formula confirms her result about 
the effect of short period vibrations being negligible, provided at least 
the knife-edges of the pendulums follow these vibrations completely. That 
there is evidence of this often not being true — and as a consequence 
of this of disturbances of the pendulum-periods — is outside the problem 
dealt with by Miss Worsley and by the writer. At the end of the paper 
three conditions are mentioned which seem advisable to fulfill for pen- 
dulum observations at sea. 

The writer wishes to acknowledge the great work done by Miss Worsley 
on this important subject and the contribution she has thus given to it. 


§ 2. Second order corrections for pendulum observations at sea caused by 
accelerations of the apparatus 


The formulas derived or given in this paper have regard to observations 
with the usual three pendulum apparatus suspended in gimbals. The 
gimbal-axis parallel to the swinging-plane of the pendulums serves to 
keep this plane as nearly as possible coinciding with the direction of 
apparent gravity, i.e. with the direction of the resultant of gravity and 


1) On the Second Order Correction Terms to values of Gravity measured at Sea, 
Proc. Cambridge Phil. Soc., 48, 4, 718-732 (1952) 


. 
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of the disturbing acceleration. The ball-bearings introduced by Ew1ne 
for the gimbal-movement are an improvement on the knife-edges formerly 
used and so the condition mentioned can now be better fulfilled. 

The gimbal-axis at right angles to the swinging-plane of the pendulums 
serves for more purposes than what is mentioned by Miss Worsley, the 
reduction of the chance of pendulums hitting the pendulum-case; it is 
also meant to ensure that for the swinging of the pendulums always the 
same parts of the knife-edges are used. Thirdly, its absence would make 
it difficult to set the pendulums swinging in the way desired. 

For dealing with our problems we shall introduce an X axis coinciding 
with the true vertical, a horizontal Y axis in the swinging-plane of the 
pendulums and a Z axis perpendicular to the two others. We shall represent 
the components in these three directions of the disturbing acceleration by 


/ 


\ a = € cos (ot + @,) 


() y = sin (ot + py) 


| z = sin (wt + 9,). 


These components only correspond to one term of the Fourier series 
supposed to represent the complete acceleration. Because in many cases 
this term will represent the effect of a wave-movement of the sea around 
the ship we have introduced a cosine in the formula for x and sines in 
those for y and z. The chosing of different values for ¢,, y, and , can, 
however, take account of any other phase-difference. We shall see that 
these phase-differences practically play no part in the resulting formulas. 

The pendulums are assumed to be exactly isochronous, having a half- 
period T and a mathematical length /. We shall introduce the undisturbed 
phase-velocity » of the pendulums, given by 


(2) f =n, 


Let 7’, indicate the half-period of the disturbing acceleration. We 
shall introduce the ratio of 7 to T, 1) 


‘ ) De 
(3) é= 7a = Ty ° 

For the movement of a submerged submarine, at sufficient depth for 
making the short-period waves negligible, the value of ¢ is usually smaller 
than 1/6. . 

By 6g and 67 we shall indicate the disturbances of the results of the 
observation for g and 7’ caused by the disturbing acceleration; the sign 
of these disturbances is opposite to that adopted by Miss Worsley. 


A. The effect of the vertical acceleration « = & cos (wt + ,) 
This effect is given by Miss Worsley and we shall repeat her results 


1) In Miss Worsley’s paper the inverse ratio a is used equal to 1/e, 
15 Series B 
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here for completing the formulas for the entire second order effect of the 
disturbing accelerations. Miss Worsley’s formula has regard to the fictitious 
pendulum derived from the difference 6 of the elongations 6, and 6, of 
the two pendulums of a pair. For the second fictitious pendulum derived 
from the second and third pendulum, i.e. from 6, — 95, the formula is the 
same. The sign of 6g and 67’ has been changed according to our assumption 
and « has been substituted to 1/a. The formulas have been derived by 
Miss Worsley by means of the theory given by SToKER!); they are 


: Oo Soap ete ee 0/5 \- 

(4a) g 8(1—4e) (5) 
oT il é\2 

(4b) @ — +i¢a—Fe) (;) 


For the values assumed by 67’ for different values of ¢ = 1/a we may 
refer to table 2 on page 728 of Miss Worsley’s paper where — 67’ is given 
for many values of a and to her graph on page 729 which is repeated here 
in the figure for better comparizon with the correction for horizontal 
acceleration. For « = 2, i.e. for T', = 47’, the effect becomes infinite as it 
could be expected on the ground of the theory of disturbance of the pen- 
dulum movement long ago developed by the writer ?). This case is never 
present in submerged submarines. At a sufficient depth the short waves 
are so much damped that we can even neglect «? in the formulas 4 and 


so we can write 


om 7g 
(5b) 7a +a (5) - 


We thus obtain the usual formulas as derived by Browne. 


B. The effect of the horizontal acceleration y = sin (wt + y,) in the 
sense of the swinging-plane of the pendulums 

The writer succeeded in deriving a satisfactory formula for this effect. 
Compared to the results of Miss Worsley’s computations — made by 
developing 6 by means of the differential equation in a Taylor series with 
regard to time — it turned out that with only one exception one part 
of the formula checks entirely with these results. There is, however, a 
second part which corresponds to the effect of the disturbing acceleration 
on the reduction of the pendulum-period to infinitely small amplitude, 
which has also to be taken into account; Miss Worsley had supposed 


1) SroxerrR, J. J., Non-linear vibrations in mechanical and electrical systems 
(London 1950). 
*) F. A. Ventne MEINzEsz, Bijdragen tot de theorie der slingerwaarnemingen, 
doct. thesis Delft, p. 75 e.s. (1915). 
; Theory and Practice of Pendulum, Observations at Sea, publ. 
Neth. Geod. Comm., p. 11 (Delft, 1929), 
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this effect to be negligible. Taking the two parts of the formula together 
the result checks better with Browne’s formula for this case than Miss 
Worsley’s results. 

The equation of motion of a pendulum subject to a horizontal acceler- 
ation y in the sense of its swinging-plane is 


(6) 6+ 2 sino —4% cos@ = 0. 
l 1 


We shall develop sin 6 and cos @ in series with regard to 6 and break 
off after the third power. We may suppose that in case of rough seas the 
observations in submerged submarines are subject to accelerations that 
may attain to values of the same order of magnitude as 6g, viz to 0.01 g. 

For the two pendulums of a pair which we again assume to be exactly 
isochronous +) we thus find the equations of motion 


; aon : eniclia 
(7a) 6,+76,-Fe@-24 5H =0 


7 FR 1 Ip Io 9 4 Yoo 
(7b) O,+ 7%, — G7 + afe = 0. 
The difference of these equations gives the equation of motion for the 


fictitious pendulum which has the elongation 6 = 0, —0,. We find 


(8) 6+26 — 5 6(62 +6, 6, + 63) + 4 0(0, +02) =0. 
We see that the last two terms represent the disturbance terms and that 
they have the shape of a disturbance of g by an amount given by 


oe ay 
(9) FT = GE +085 + 63) + 15 (0, + 0). 


This disturbance term, therefore, is of the second order with regard 
to the quantities 6,, 6, and y and so we can neglect the squares of this 
term. For deducing its value we require expressions for 6, and 0, but we 
do not need to go further than the first powers of the quantities 6,, 6, 
and y in doing this. So we can derive them from the following equations; 
in these equations we have substituted n2 for g/J and 7 sin (wt + @,) for y 


(10a) 6, +n?0, — + sin (wt+q,) = 0 

(10b) 6, +20, — + sin (wt + p,) = 0. 
The solution of these equations is 

(11a) 6, = a, sin (nt + y,) + — a sin (wt + 9,) 

(11b) 6, = a, sin (nt + Wy) + ret sin (wt + p,) 


1) For the taking into account of a small difference in period the writer may refer 
to his publication: ‘“Theory and Practice of Pendulum Observations at Sea”, Publ. 
of the Neth. Geodetic Commission, pp. 81—84 (Delft, 1928). 
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in which again ¢ = @/n; y, and y, depend on starting conditions of the 
pendulums. 

In introducing these formulas in (9) we shall omit the effect of the 
first term of (11) in the first term of (9) as this concerns the normal 
reduction of the pendulum-period to infinitely small amplitude for which 
the formula is known. Moreover, the procedure would not give reliable 
results as it means the introduction of a disturbance term of g having 
about half the period of the pendulums and we have seen in the previous 
part of this § that we are near here to an asymptote of the effect. 

The other terms of the result give the value of 4g connected with the 
horizontal acceleration of which we want to derive the mean value 6g 
over the whole time of the observation. This mean value is given by 


(12a) “ =— nos (4) Es os Gr 

or 

i | 2a ee ey 
The corresponding formulas for 67/7 are 

(13a) Poaaieoo a) eee 

or 

(13b) ~~ Sem (2) = aie ae 


It follows from these formulas that the second order disturbances for 
g and JT become infinite for e = 1, i.e. for a coincidence of the period 
of the disturbing acceleration with that of the pendulums. This is again 
in good harmony with the disturbance theory of pendulums mentioned 
on page 220. So the case 7’, = 7 must be carefully avoided. For that 
reason the axis of the gimbals must be brought in the same plane with 
that of the knife-edges of the pendulums in order to cause no perceptible 
gimbal-swinging of that period by the effect of the horizontal reaction of 
the pendulums. 

The first terms of (12a) and (13a) have followed from the first term of 
the right member of (9) and so they represent the disturbances in g and 
T brought about by the disturbing acceleration in the reduction to infinitely 
small amplitude. Miss Worsley has supposed this effect to be negligible 
(p. 722) and so omitted it in the result for the second order correction. 
The last terms of (12a) and (13a) correspond to the second term of the 
right member of (9) and so they represent the direct second order effects 
of the disturbing acceleration; they are caused by the last terms of 
formulas (7a) and (7b). These terms are in good agreement with nearly 
all the figures computed by Miss Worsley for the second order effect. 

Before, however, dealing with this point we shall first examine another 


question, viz. whether the amplitudes measured in the pendulum-records 

- are independent of the effect of the horizontal acceleration and whether, 
therefore, the reduction to infinitely small amplitude deduced from these 
measurements is likewise independent of that effect and does not hide 
part of the disturbance of that reduction without our realizing it. That 
this is not the case and that indeed the amplitudes measured in the record 
are independent of the horizontal acceleration is at once clear for the 
record of the fictitious pendulum because this gives the angle 0 = 6, — 6, 
and according to (8) itis not subject to first order effects of the acceleration 
y. But it is also true for the record of the middle pendulum of the apparatus, 
i.e. of pendulum No 2 of our pair, because this is recorded with regard 
to the position of a damped pendulum prevented to swing itself; this 
last pendulum, therefore, must have an elongation approximately equal 
to (y/g) sin (wt + g,) and so — as for submerged submarines the wave- 
period is large and «, therefore, small — the difference of formula (11b) 
for 6, and this angle practically reduces to the first term of (11b) which 
is independent of the acceleration y. 

Returning to the agreement of the last term of formula (13a) to the 
figures found by Miss Worsley, we see this clearly demonstrated by the 
table. The first column of it gives the values of a = 1/e for which she 
computed 67’, the second shows her results for 67’ x 10° derived for a 
value of y/g of 0.01 and of JT of 0.5, the third the figures given by the 
last term of formula (13a) and the fourth the results given by the complete 
formula (13a); the figures of the last two columns have been computed 
for the same values of 7/g and of 7’. The sign of 67’ is reversed with regard 
to that used by Miss Worsley. 


TABLE FOR 67 x 105 in sec. 


a@ = life Miss Worsley second term of (13a) formula (13a) 
0.2 + 0.09 + 0.01 + 0.052 + 0.0531 
0.5 + 0.42 + 0.02 + 0.417 + 0.486 
0.6 + 0.83 + 0.15 + 0.703 + 0.901 
0.8 + 2.25 + 0.03 +. 2.229 + 4.198 
1.0 + 11 +1 oo) oo 
1 — 42 + 0.4 — 4.091 + 2.603 
Lc9 — 2.4 + 0.15 — 2.250 — 0.225 
2 — 16 + 0.2 — 1.667 — 0.556 
3 — 16 + 0.15 — 1.406 — 0.615 
3.6 — 1.36 — 1.355 — 0.621 
6 — 14 40.1 — 1,286 — 0.624 

15 — 13 + 0.2 — 1.256 — 0.625 
30 — 0.6 + 0.2 — 1.251 — 0.625 


We see a remarkable coincidence of Miss Worsley’s figures and of those 
given by the second term of formula (13a) with the only exception of 
the last value of both columns. Another discrepancy is found in Miss 
Worsley’s opinion that for large values of a, i.e. for large wave-periods, 
the value of 67’ converges to the figures given by Browne’s formula of 
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0.625 x 10-5: the second term of (13a) converges to the double value 
of 1.25 x 10-5, This last asymptote fits much better in the lower half of 
Miss Worsley’s figure 4 (p. 729) than the asymptote of 67’ = 0.625 x 10~°. 

These last discrepancies can be explained by examining the complete 
formulas (12b) and (13b). They indeed converge for small values of « to 
Browne’s formulas 


eet Ly 
ae) Sane (3) 
or 2 
(14b) —_ (2) 
For the above assumptions (14b) gives 67’ = — 0.625 « 10-°. 


For giving an idea of the values of 67’ provided by the complete formulas 
(13a) or (13b) we have added the last column to the table and represented 
them in the figure; in order to make them more easily comparable to 
the table on p. 727 and the graph of fig. 4 of Miss Worsley’s paper we 
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Fig. 1. Second order disturbances 6 7' caused by horizontal and vertical accelera- 
tions of periods from 0 to 8 sec. (formulas 4b and 13) 


have used the factor a = l/e = T',/T which she has introduced in stead 
of the factor « here adopted. We see that the values of 67’ converge very 
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quickly towards the figure of — 0.625 x 10-5 given by Browne’s formula 
(14b); for a = 3, ie. for a wave-period 27, of 3 sec, it is already very 
near to it. As the wave-periods experienced in a submerged submarine 
are normally much larger we can practically always apply (14b) and 
so keep to the customary formula. 

For very large values of « and, therefore, very small values of a and 
T’,, i.e. for short period vibrations, we see that formula (13a) converges 
to zero and so in this case the second order correction becomes negligible. 
This same result was found by Miss Worsley; in fact the second part of 
(13a) likewise becomes zero for ¢ = oo. 


C. The effect of the horizontal acceleration z= € sin (wt + @,) at right 
angles to the horizontal axis in the swinging-plane of the pendulums 

For the deduction of this effect we have to compute the component of 
the resultant of g and Z in the swinging-plane of the pendulums and so 
we have to derive the movement of the gimbals in the XZ plane. If we 
indicate the mathematical length of the gimbals in that plane by JL, 
their half-period by 7, and if we put 


(15) 2 — Ne 
and 

of o 
(16) T ae, N F 


we find an equation for its angle of elongation 6, similar to (11); the 
friction of the gimbal movement is here neglected: 


(17) Bem NEA = 


(i 7 2 (wt + ¢,). 


For the swinging-plane of the pendulums we have to add a constant 
angle /, in case the levelling of the agate planes supporting the pendulum 
knife-edges — effected by means of the adjustment of the gimbals — 


has not been perfect. 
The resultant of gravity and of the acceleration z makes an angle with 


the true vertical of 
Ee ys 
ee t+9,): 
9 gen 2 P:) 


The same is true, at least approximately, for the damped pendulum 
serving for the recording of the position of the swinging-plane of the pen- 
dulums and supposed to be prevented from swinging itself. This record 
thus gives the following angle of deviation 


\B = 8, + «sin Nt + [re - 1] E sin (wt + 9.) ay ae? 


2 


(18) 


/ + « sin Nt + — : sin (wt +@,). 
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The value of the component of the apparent gravity in the swinging- 
plane of the pendulums is 


g sec [ sin (wt + p.)| cos fp 
and the resulting disturbance Ag’ of g is given by 
AG ey ane Pt a2 
(19) Z = 3(2) sin® (wt + gx) — 1 6. 


So its mean value over the whole time of the observation is given by 
(20) oF 


2 2 eA 2 
g (2) = > Be a 3 6 A 4(1—e?)? (=) ‘ 
The last three terms of (20) may be derived from the record of the 
swinging-plane’s position with regard to the damped pendulum. 
We have to increase this formula by the centrifugal force brought 
about by the gimbal-swinging. Its velocity is found by differentiating (17) 
with regard to ¢: 


le 


: © w cos(wt+¢9,) 


l—e* g 


(21) 6, =aN cos Nt + 


and so, if the distance from the centre of gravity to the knife-edge of the 
pendulums is f, the mean value of the centrifugal acceleration 6g’ over 
the whole observation is given by 


og” 1,2 =) 2 h is 
a) g 7h 3 i peel, 


The sum of (20) and (22) provides us with the total disturbance of g 


og 2e2 hy (/C\2 N\2h et f\2 
(28) = 4[1 + aoa a] (G) + 49°) 7-1 19" - aap (G) - 
The last four terms of this formula may be derived from the record of 
the tilt of the swinging-plane of the pendulums. The effect to be added 


because of the disturbing acceleration 2, i.e. the second order correction, 
is, therefore, given by 


a ara) 
with 
as F- if +a%n tO 


In most cases the wave-periods in a submerged submarine are so large 
that the second terms between the brackets may be neglected and so we 
again obtain Browne’s formulas hitherto always applied 


0 #-11G) 


227 


§ 3. Discussion of the results obtained 


The sum of the second order effects in the result for g caused by 
disturbing accelerations in the sense of the X, Y and Z axis is 


Protons 1 £\2 ef y\2 22 AIV/C\2 
Hata tft peal il +a] 
ay) g s(1— = 4 (1—e?)2_] \g pes (1—e?)? 1} \g 


and in case «? is small enough to neglect it with regard to unity 


es eC ROREOn 

This last formula is identical with Browne’s formula and has up to 
now been in general use. This new investigation by the writer has confirmed 
it for pendulum observations on board of submerged submarines; Miss 
Worsley’s studies and computations, though interesting, do not appear 
to give us a base for doubts about it. 

It seems, however, indicated to stress three important points about 
these observations. In the first place it is desirable to dive deeply enough 
to avoid perceptible wave-movements of periods less than about 6 seconds 
because otherwise the computations would become more complicated; 
for shorter periods we not only might have to apply formula (27) in stead 
of (28) but we should also get greater amplitudes of the gimbal-swinging 
in the period of the waves. 

In the second place it appears well to avoid greater accelerations than 
a 150th part of gravity in order to keep away as far as possible from 
third and higher order effects which would no doubt bring along extremely 
complicated problems. Moreover, greater accelerations would also make 
it more difficult to obtain sufficient accuracy in determining the second 
order corrections. The limit given corresponds to a total second order 
correction in g of about 6 milligals. It would give apparent amplitudes 
to the ends of the slow pendulums introduced for measuring the horizontal 
accelerations of !) 


(29) 0.8 ="? mm. 


In this formula 7’, represents the period of the slow pendulums. For 
T, = 25 sec and 7, = 3.5 sec this would mean a double amplitude of 
the ends of these pendulums of about 2 mm. 

In the third place it must be especially stressed that vibrations ought 
to be avoided. Although the formulas indicate no effect on 7’ and g, 
experience shows that they often cause a small — perhaps even microscopic 
— gliding of the pendulum knife-edges on the agate planes of the support 
and this not only brings about that the base of our formulas no longer 
holds true and that thus disturbances occur, but it no doubt also gives 
a serious risk of damage to the knife-edges. 


1) FF. A. Ventne Mernesz, Theory and Practice of Pendulum Observations at 
Sea, Part II, p. 33, Netherl. Geod. Comm. (Delft, 1941). 


HYDRO- AND AERODYNAMICS 


ON HOMOGENEOUS NON-ISOTROPIC TURBULENCE CON- 
NECTED WITH A MEAN MOTION HAVING A CONSTANT 
VELOCITY GRADIENT. I 
BY 
J. M. BURGERS anp M. MITCHNER *) 


(Mededeling No. 74a wit het Laboratorium voor Aero- en Hydrodynamica der Technische 
Hogeschool te Deljt) 


(Communicated at the meeting of May 30, 1953) 


1. Introduction. — The statistical theory of turbulence connected with 
a mean motion has received much less attention thus far than the theory 
of homogeneous isotropic free turbulence. ?) The circumstance that the 
field in general will not be homogeneous introduces formidable difficulties, 
while at the same time the non-isotropic character increases the number 
of unknowns. In order to cope with the former difficulty the supposition 
is sometimes made that correlation tensors of the type uu}, where wu; is a 
fluctuating velocity component measured at a point S’ with coordinates 
2, and w} is a fluctuating velocity component measured at a point S” with 
coordinates x; = x, + &, vary only slowly with the x, if the §&, remain 
unchanged, whereas their variation with the &, in general will be much 
more rapid. 

There is, however, a case in which the turbulence can still be rigorously 
homogeneous in space, so that it will be independent of the x, for given §,. 
This case presents itself when the velocity components U; of the mean 
motion are linear functions of the coordinates x,, so that the velocity 
gradients 

Ain = 0U;/D2q 
have constant values throughout the whole of space. 

1) Sheldon Travelling Fellow, Harvard University. — The two authors had 
arrived independently at the system of equations (18) and their Fourier transforms 
(27). A visit of Dr. MircHNER to Delft gave an opportunity for a discussion on this 
subject. Dr. MircHNer had also worked out the Fourier transforms for a more 
general case, to be given in the second part of this paper. 

*) Some investigations have been published by P. Y. Cuov, On Velocity Correla- 
tions and the Solutions of the Equations of Turbulent Fluctuation, Quart. Applied 
Mathem. 3, 38-54 (1945); Pressure Flow of a Turbulent Fluid between two Infinite 
cae hiaeina roa 198-209 (1945) 3 On Velocity Correlations and the Equations 
Me : bee : a orticity Fluctuation, Science Reports Nat. Tsing Hua University 

The idea of making use of correlation functions, as an extension of the mean 
values giving the Reynolds’ stresses, seems to have been conceived for the first 
eben 135 ales _ A. A. FRIEDMANN, Differentialgleichungen fiir die turbulente 

gung einer kompr essibelen Fliissigkeit, Proc. First Intern. Congress for Applied 
Mechanics, Delft, 395-405 (1924) 

A monograph on “The Theory of Homogeneous Turbulence” has recently been 

published by G. K. Barcuezor (Cambridge University Press, 1953). 
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It is possible that from the physical point of view this case cannot be 
even approximately realized, since there is no linear dimension in the field 
of the mean motion when the velocity gradients are constant and when 
there are no confining walls. It must be expected, as was pointed out by 
von Karman in 1929 %), that in any actual field the macroscale of tur- 
bulence is determined by quantities of the type: 


dU; /dxp, 
Uda?’ 


which quantities become infinite for constant values of the gradients. It 
should be observed, on the other hand, that a microscale can be formed 
by making use of the velocity gradient of the mean flow and of the kine- 
matic viscosity of the fluid; from the same quantities a velocity scale 
can be formed. 

It has been considered worthwhile, nevertheless, to develop the equa- 
tions for this case. In doing so we shall start with a slightly more general 
case in which the gradients are not constant, in order to retain a possi- 
bility for making comparisons. 


2. We assume that the mean motion has components U, (= U), 0, 0, 
where U is a function of the coordinate x, only. From section 4 onward 
we shall take this function to be a linear one: U = Az,, with a constant 
value of 4, but in the present section and in section 3 this supposition is 
not introduced. +) In all cases before us the mean motion will be assumed 
to be independent of the time. 

If the mean motion is steady, then the turbulence connected with this 
mean motion must also be statistically independent of the time. Pro- 
visionally, however, time derivatives will be retained in the equations in 
order to show more clearly the origin of the equations. We shall also 
suppose that all statistical relations to be considered are invariant with 
respect to an arbitrary translation parallel to the z,, x,-plane, even when 
they should be functions of the time. This will make it possible to define 
all statistical quantities by means of averages taken with respect to 2, 
(the direction of the streamlines of the mean flow), or with respect to 7 
(the direction of the axis of rotation of the mean flow), or with respect 
to both. 

In order to keep the form of the equations symmetrical it seems useful 
not to specialize at once to the coordinate system introduced here. A more 
general notation is obtained by assuming that the components of the mean 
motion satisfy the following relations: 


(1) U,=«a,U, 


2) Tu. von Karman, Mechanische Aehnlichkeit und Turbulenz, Gottinger 
Nachrichten, Mathem.-physik. Klasse 58-76 (1930). 
4) The non-linear case will be considered again in the second part of this paper. 
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where the «, are constants and o? = 1; °) 
(2) U is a function of the single variable 7 = £,%, 


where the f, are constants and fj; = 1, «6; = 0. 
In this case we have: 


(3) hin = % Br 
and the following relations will be evident: 
(4) hy = 93 U;, An = 9. 
3. Equations of motion. — Since the mean motion has no acceleration, 


the equations of motion for it reduce to the following relation for the 
Reynolds’ stresses: 


—— Tore 

(5) 2a, Bory e ra Cat 
where P denotes the mean pressure. The Reynolds’ stresses can be a 
function of the variable 7 only; the mean pressure must be given by an 
expression of the form: 

P = constant — 0 {a, x,J + Po(n)}, 
where J is a constant. Hence the relations (5) reduce to: 
aU 
Brae Mat = aI + BSE +0,” ae 


In the special coordinate system in which U is parallel to the x-axis and is 
a function of x, only, these relations obtain the form: 
P = constant — 0 {x, J + Py (x_)} 
(6) d(u, Ug) [day =J +» dU /da2 
d(u3) dx, = dPo|dz,, 
together with: 


(7) Uy Ug =0; Ug Ug = 0 
from reasons of symmetry. 

The equations of motion for the components wu, of the turbulence are 
obtained by subtracting the terms referring to the mean motion from 
the equations for the total motion U; + u;. The Reynolds’ stresses disap- 
pear at the same time with the mean pressure P; there remains the 
fluctuating part of the pressure p. The equation for the component 2%;, 
written down for a Be S’ with coordinates aj, has the form: 


ou, wU; duz 1 d 
(Sa) ae Une th 3 5 + Uy Mi bik +A uj. 
OX, Ox, ~ ip Ixy 


: ; : guna h! 
) The summation convention is used throughout, so that 


PF 7) 2 a. 
Oy = OF + af + as; By, ©, = By, + By ry + By Xp. 
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We multiply this equation through by wu’. We further write down the 
corresponding equation for w; at the point 8” with coordinates 2": 


= uU ie : aU" 


du" _ 10d ‘ 
(Sb) <a ae h day — z= U 2 


? " ) " ul 
h > i aia Un J 7 = eli + vA 
Xp vp, ne ox; j 


and multiply through by uj. Adding the results we obtain: 


r) eB oad 0 Ve " o Pg dE  aylt 00; Ope: ou; U; 
Pn) e ’ " 3 
—;> (Uz Uz, U; ae U, = 
+ = (u; Uy, U;) + va (wu; U;, WU; ) 


1 Pa) i 1 ra) , , / 
gon (p' u;) 9 da) (p" uj) + v Al uu; + vA" up uj. 
i 3 


In this equation the x, and the a;, are independent variables; single primed 
quantities are functions of the 2, and double primed quantities are 
functions of the x. We make a change of variables: 


(9) Xp, = (4, + 2%); E, = X — &; 


u / ra) 
(u;u;) +(U Un) = (uw; uj) + ¥ ( nt Ui) oe (wu; U5) + Up U; Ay, + 
4 nv oan r) / ? Se | u” uN ieee) 
+ Uj, Up Ajn 3g, (Mi Ua — Ui; Un Uj) + 3 Fu (Mi Me, U5 + Uj; Uy, U;) = 
1 ra) t u 1 r) fe u 
a 5 35, (P u;) — z (P ui) | Pilea? a (p ui) | + 


+ 2vA,u,u; +4 7A, uj u;. 


We now take mean values with respect to an arbitrary displacement 
of the system of points S’—S” parallel to a plane 7 = constant, and 
introduce the notations: 


4 u 
R;; = U; Uj 
* LY, ue 2 YK TSE 
(10) Si = U; Uj, U foo Si; = U; Up, U; 
- HR Wn ihe 
PH= plu; PE =p" Uy. 


From the definitions it follows that: 
Kis (x, é) = 3 Ri; (z, —€) 


‘ = 9* at = San 
iu hij? ihj ijh 
ae 4a (w, €) = S38 (#, — 6) 
P} (x, €) = P7*(x, — 6). 


Since all these mean values are invariant with respect to an arbitrary 
translation parallel to a plane 7 = constant, the operator U,(d/da;,) applied 
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to a mean value will give the result zero, both with U; and with U,,. Hence 


we obtain: 


Pr) 0) 
Ray + (Oh — Up) se Bis + Ain Bag + Bin Ben — 3g, (Sins — Sis) + 


(12) zg 3 da, (di hj v7 hs) = 
2 1/2 ere . : 
=(5 P* == PS) oe (= Pr + = P )+ 2v As Ry +404, Ry. 
4. We now return to the case where U is a linear function of y. Several 
simplifications can then be introduced into eq. (12). Since the 4,, become 
constants, no primes are needed with them; moreover: 


U;, — U; = In €1- 
Further, in this case all statistical relations will become invariant with 
respect to an arbitrary translation in space and all derivatives with 
respect to the a, consequently take the value zero. Equations (11) therefore 
reduce to: 


Ri (€) = By (—¢) 
(13) Si, (E \= me (— é) 
PE (E) = PE (—é). 
A further consequence can be seen most easily when the special coordinate 
system is used. The statistical properties of the field will then be invariant 
both with respect to a reflection in the plane 2, = 0, and with respect to a 
rotation of 180° about the zs-axis. This leads to the following relations: 


Ri(4, &, &3) = Pils, &, =65) a Ri(—&,; —€5, —&,) a Ry (hy, bo, Es); 
Fy3(&, Es, &s) = —Fy3(E1, bo, ==£.) = + Rp(—é:, Gs, —&s) == Pa (&, bs, &s). 


Since Rf, behaves similarly as R,, it follows that the R;; form a sym- 
metrical tensor: 


(14) Bi; (6) = Ry (é). 
When this result is considered in conjunction with eqs. (13), it follows 
that the statistical properties of the turbulence in the present case are 
invariant with respect to an inversion of the &-axes, or, in other words, 
that the description of the turbulence in the &-space has a center of sym- 
metry. The same property will hold when a non-specialized orthogonal 
coordinate system is used in the &-plane. 

The existence of a center of symmetry makes it also possible to write: 


UW, Uy, U; (E) = — U5 Up uy (—E) U; U;, Uj (E); 
pus (é)=—p'uj(—&) =—p" ui(é), 
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where the notation without asterisks given at the end of each line is intro- 
duced for simplification of the writing. 
We further use the notation: 
0 
Tj = oF 


(Sin 25 ee 
(16) 


With the aid of this notation the equation for R;; takes the following form: 
(17) Ry + Ant fixe Ri; + Ay Ry + Ay Ry = Ty + Py + 2A; Ry. 


Although 4,; 4 dy, the equation is symmetric in the indices 7 and j. 
When we use the special coordinate system, we have 4,, = A, while all 
other A;, become zero. The equation then reduces to: 


P) 


(18) Ry t+A[Eoge By + ba Be + on Ra} = Ty + Py t+ 20d; Ry, 


where 6, = 1 if = 9, and 6, = 0 if.1 47. 
5. In virtue of the equation of continuity the following relations exist: 


oR; ss Oki; , oP; a: (ees 


a ee og; 
Further it is known that 7';,(0) = 0. Hence contraction of (18) gives: 


>: 


(19) sy But base Rut 2Rie} = Tut 274; Ry 


and if we take &, = = ¢,= 0: 


(20) = Ri, (0) + 24 Ry, (0) = 24 (A; Rii)o- 
This is twice the equation of energy for the turbulence. The energy 
transfer from mean motion to turbulence, per unit mass and in unit time, 
is given by —AR,,(0) = —A wus. 

For a stationary state of turbulence, which is the case interesting us, 
the time derivatives in eqs. (12), (17), (18), (19) and (20) drop out. 

It may be observed that application of the operator 0/d& to eq. (17) 
leads to the result: 


(21) < (7; + Py) = cos = (Ay; Ri; i). 


In the special coordinate system this becomes: 


ro) r) 
6. Introduction of Fourier transforms. — Fourier transforms can be 


introduced of all statistical quantities considered in the preceding sections, 
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provided it can be assumed that they decrease to zero sufficiently rapidly 


when & + & + & increases without limit. 
Fourier transforms of the R,; are defined by: 


@,;(k) = — SJf dé, dé, dé, Ri; (€) V1 Uhr Fs + he Fata Es) 
(23) | 
Ri = Sf dk, dk, dks @;, (k) gill tatiths Eaths &5) : 


The @,; satisfy the following conditions: 


(24a) @;;(k) = ®;;(k) = D¥,(—k) = D;;(— k) = @;;(—k) 


(the asterisk in the present case denoting the complex conjugated quan- 
tity); and further: 


(24b) P k,®;=0; k,®,=0. 


leh, =) 21 Vereen TR 8 ae II,; be the Fourier transforms of 
Sinzi Tiss Pi; Piz, respectively, all defined with similar sign conventions 
for the exponent as used in the formulae for ®,;. We then have the following 
relations: 

from the definitions — 


Ying = Y, hij 

(25a) Vg = by, (Yang + Via); IT, = b, 0; + ke; 0; 
Ly = Lys Ty = Hy; 

in virtue of the equation of continuity — 

(4; Ving = 9; k, 9; = 0; IT, = 0 

( kbply = 0; k, k; IT; = 0; 

in virtue of the existence of a center of symmetry — 


( Ying (t) = — Yins(— &); Ty; (k) = Di (— k) 


( 6;(k) = —6,(—k)  ; IT; (k) = IT; (—k). 


With the aid of partial integration it can be shown that the Fourier trans- 
form of: 


(25b) 


(25c) 


E,(0Ry|d&) becomes: —0(k, ®,;)/dk;. 


Since 4,,(dk,/dk;) = Ayr On, = Ay, = 0, it follows that the Fourier transform 
of eq. (17) can be written: 


(26) ae — Ain By a + Ain Org + Agn On = Dy + Uy — 20k? @ 


a>? 

AD aes ne pr a2 1 1 ; ] 
where k® = ki + k3 + k8. The equation is, of course, symmetric in the 
indices 7 and 7. 

In the special coordinate system in which A, =, all other A, being 
zero, eq. (26) reduces to: 
Di; 


ID;; 
(27) 3 tA (6, Piz + Jj Din — ky oe = Ly + Uy — 29 ke? By. 
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Scalar multiplication of (26) by hk; gives: 
ky (Ly + Lj) = 2a hy Dy, 
which is equivalent to (21). In the special coordinate system we obtain: 
(28) kL + Hy) = 24 ky ®,;. 


If in (28) we express the //;; with the aid of the 0; according to (25a) 
and make use of kf; = 0 as mentioned in (25b), we obtain: 


k2 6; ae 22 k, D,,; a ibe I';;. 


Returning to J/;; we find: 


(29) je _—— . es SE 
We can now eliminate the //,; from (27), which leads to the following 


system of equations: 


3 = he Ute Bro LE Dis W@;; 
29 y oe 5g Dp + 8, Dp —2 ee Be me ah + 2vk? @,; = 
) 
(30) r kikn Dg thy kal ni 
= oy ae = 


(To be continued.) 
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PHYSICS 


ENTROPY AND MOBILITY OF ADSORBED MOLECULES 
III. HYDROGEN AND OXYGEN ON CHARCOAL?) 


BY 


J. H. DE BOER anv S. KRUYER 


(Communicated at the meeting of May 30, 1953) 


1. Introduction 


The thermodynamical behaviour of argon and other atomic gases and 
of nitrogen adsorbed on charcoal have been treated in articles I and II 
of this series 1), These gases are adsorbed by physical forces only. In the 
present article we shall calculate the entropies and heats of adsorption 
of hydrogen and oxygen adsorbed on charcoal. We may expect some 
chemical interaction; if chemisorption takes place we may find higher 
values for the heats of adsorption, but we may also expect an abnormal 
behaviour of the entropy. 

The procedure of calculating the entropy of adsorption from experimental 
data is the same as in articles I and II of this series. The tables are 
similarly arranged as in those articles, in order to enable a direct comparison. 


In the model of the “‘entropically ideal site adsorption’, introduced 
in article I of this series, we assume every molecule to occupy one single 
adsorption site. If chemisorption occurs — and also if physical adsorption 
of large molecules takes place — we may expect cases where one molecule 
occupies more than one adsorption site. If a hydrogen or an oxygen 
molecule is adsorbed by chemical forces, both atoms may enter into 
contact with the surface atoms and the molecule may occupy two sites. 
The molecule may or may not be split up into two atoms. If it is split 
up into atoms in such a way that the atoms still occupy two neighbouring 
sites, its contribution towards entropy will be the same as in the case 
that the molecule itself occupies two sites. If, however, the adsorbed 
atoms diffuse more or less freely over the surface, the contribution towards 
entropy will not differ from that of the site model which we have used 
till now. 


2. The entropy of the model of adsorption when one molecule occupies 
two adsorption sites 


Referring to section 4 of article I it may be remarked that the experi- 


1) J.H. DE Borr and 8. Kruyer, Proc. Kon. Ned. Ak. v. Wet., 55B, 451 (1952), I. 
J. H. pe Boer and 8. Kruyrr, Proce. Kon. Ned. Ak. v. Wet., 56B, 67 (1953), II. 
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mental figures for the degree of occupation, 0, have a different theoretical 
meaning in this case, viz. 
2n 


(1) eee 


No 


The differential molar entropy of this localized model is given by the 
equation ”) 
(2) 2a 100 =—kIn eae 


22 
(16)? + Rin 75 - 


where the index 2a indicates an adsorption on two adsorption sites, z 
is the number of direct neighbouring sites (which may be 3, 4 or 6) and 
o indicates the symmetry of the molecule (« = 2 for the H, and O, mole- 
cules, but « would be unity in the case of diatomic molecules consisting 
of two different atoms, e.g. CO). Using o =2 and choosing z= 6, 
expression (2) is zero for 6 = 0.682. 

We shall, consequently, introduce a third model of adsorption, which 
we shall refer to as the “model of two-site adsorption”. A molecule which 
has lost all its translation entropy and is bound to two adsorption sites 
must also have lost its rotation entropy. We shall choose the state where 
= 0.682 as the standard state for this model (valid for o = 2 and z = 6) 
and from the experimental figures of AS of the various amounts of adsorbed 
molecules we shall calculate the figures for 4S°, representing the difference 
in differential molar entropy between the three-dimensional gas in its 
standard state and the adsorbed standard state. Besides the figures for 
AS° and AS° as used in articles I and II of this series, we shall, therefore, 
introduce AS? relating to the model of two-site adsorption. AS} will be 
calculated with the equation: 


(3) _ AS = -AS — Rin TO) + Rin 6. 
As (equation 14 of article I) 
: 1) y 60 
— As? = —As — Rin i= 6 
we may also use 
(4) _~AS® = —AS? + Rin as + Rin 6. 


If the molecules are adsorbed according to this model, they must 
have lost all of their translation entropy and all the rotation entropy 
they had in the ideal gaseous state, and as, in the standard state of the 
“model of two-site adsorption” we have 


2aSioc = 9 


loc 


2) This equation may be derived from an expression of Chang (T. 8. CHANG, 
Proc. Roy Soc. London A169, 512 (1939)), also used by C. KemBauy in Advances 
in Catalysis II, 233 (1950). It may be remarked that there is a slight error in 
algebraic sign in equation 7 in Kemball’s article where in the first term — N» in 
the numerator should be replaced by + Nz. It is more important, however, to 
repeat our remark in article I (foot note 6) that we have to use the differential 


molar entropies. 
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we may expect: 
(5) —AS? = 8% + Srot 


3. The adsorption of hydrogen on charcoal at higher temperatures 

Ray and Box 8) studied the adsorption of hydrogen on the same 
charcoal as mentioned in article II (adsorption of nitrogen, table III) 
at temperatures between 65.6 °C and 93.3 °C. The specific area of their 
charcoal was 1152 m2/g. The figures calculated with their data are 
assembled in table I. 


TABLE I 


Hydrogen on charcoal; data from G. C. Ray and E. O. Box 


ae 9 —AH AS?) ,S?, | —AS?, oor — aS —AS3| SY + Srot 
Eke keal/mol 6.8 | eu. | 6.0. | e.u. | eu. | e.u. 
| 
353 0.004 2.7 21.5 | 28.9 | 10.8 8.8 | 25.1 | 32.4 
0.006 2.9 22.3 11.6 25.9 | 
0.008 3.0 22.8 12.2 | | 26.4 | 
0.010 3.2 23.0 12.5 | 26.6 | 
0.012 30 23.6 13:3 27.2 


The differential heat of adsorption seems to increase with increasing 
degree of occupation, 6. This is the more remarkable, as — 4H has a 
tendency to decrease in the case of nitrogen adsorbed on the same charcoal 
(article II of this series). The entropy data indicate a rather strong bond. 
The molecules have lost more entropy than corresponds with one degree 
of translation freedom, but they have certainly not lost all entropy as 
demanded by the model of two-site adsorption. The differences between 
— AS’ and ,S}, are practically the same as those between — AS? and 
(,S), + S,o4) and a choice between these models cannot be made. We 
need figures at higher degrees of occupation for this purpose, which are 
available with lower temperatures. 


4. The adsorption of hydrogen on charcoal at low temperatures 

v. DINGENEN and v. ITTERBEEK studied the adsorption of hydrogen 
and of deuterium on charcoal 4). The charcoal which they used for this 
investigation (“‘Carbotox’’) was also used by vAN DINGENEN in a study 
of the adsorption of argon *), and the specific area, calculated from his 
argon isotherm at 90.0 °K, using the BRUNAUER, EmMmetr and TELLER 
technique, may be calculated to be 1160 m2/g. A similar figure (viz. 
1220 m?/g) for the specific area may be obtained from a plot of the VAN 
DINGENEN and VAN IrTERBEEK isotherm of H, on this charcoal at 19 °K 
and 20 °K, using the figure 8.3 A? for the molecular area of H,. Their 


3) G. C. Ray and E. O. Box, Ind. Eng. Chem. 42, 1315 (1950). 
*) W. van DINGENEN and A. VAN ITTERBEEK, Physica 6, 49 (1939). 
°) W. van DINGENEN, Physica 6, 353 (1939). 
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isotherms of 19 °K and 20 °K of deuterium on this charcoal lead to a 
specific area of 1190 m?/g when using 7.2 A? for the molecular area of 
D,°). We shall use 1200 m?/¢ for the specific area of their charcoal. The 
figures calculated with the experimental data of the isotherms at 
temperatures 7, and 7, are assembled in tables II and ITI. 


A comparison between the figures of tables II and III and those of 
table IV in article II of this series (NV, on charcoal) reveals that at 85 °K 
nitrogen molecules show more mobility than hydrogen or deuterium 
molecules, notwithstanding the lower degrees of occupation and the 
lower heats of adsorption with the latter gases. The models of ‘‘entropically 
ideal site adsorption” and of “‘two-site adsorption”? provide a better 
approach to the experimental figures than the model of mobile adsorption. 
The rotation entropy of both gases is very low at these temperatures. 
Keeping this in mind we may conclude that at degrees of occupation 
between 6 = 0.2 and 6 = 0.5 the model of “two-site adsorption’, provides 
a better approach than the other models. 


TABLE II 


H, on charcoal; data from W. v. DINGENEN and A. v. ITTERBEEK 


Woaed?,| Te | a {A} 8%, |= A482) 84, 055, |= AS | Se Sem 
PK. °K keal/mol| e.u. | e.u. | e.u. e.U. sus e.u. 
89.98 | 84.8 | 0.08] 1.51 16.4 | 21.8 | 8.9 7.4 LOS.) ss21.8 
and | 0.15 | 1.47 17.8 10.7 21.1 
79.69 | 0.20 | 1.43 19.9 12.7 93.1 
68.39 | 64.0! 0.23 | 1.60 20.9 | 20.4 | 14.6 Wik 93.9 | .>=20.4 
ate) 0.29 | 1.55 21.4 15.2 24.4 
59.65 | | 0.35 | 1.49 21.4 15.4 24.2 

| | 0.38 1.42 21.0 15.1 DBT 
| 
59.65 | 57.3 | 0.35 | 1.21 16.6 | 19.9 | 10.8 7.0 19:4), 19:9 
and | 0.38 | 1.26 18.5 12.9 21.2 
55.02 | 0.44 | 1.15 172 11.9 19.8 
| 10.48 | 1.11 | 17.4 12.4 19.6 


As the highest polarizability of H, is found in directions perpendicular 
to the line joining the atoms, the anisotropy of the molecules and the 
additivity of the van der Waals’ forces both will favour a flat position 


6) The figures 8.3 A? and 7.2 A® for the molecular areas of hydrogen and 
deuterium respectively are mentioned by H. K. Livinesron (J. Colloid Sci. 4, 
447 (1949)) who makes the remark that both these figures are unusually low. As 
they were derived from measurements on metals LrvINGSTON suggests this anomalous 
behaviour to be caused by chemisorption. VAN DINGENEN and VAN ITTERBEEK 
themselves suggest the difference between hydrogen and deuterium to be caused 
by a difference in potential and kinetic properties between the two isotopes. Although 
they rule out a difference in diameter, one must bear in mind that the apparent 
“diameter’’ results from the potential and kinetic properties. 
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TABLE III 


NN ae 


D, on charcoal; data from W. v. DrinGENEN and A. vy. ITTERBEEK 


T,andT,) T 6Q —AH —AS} wer Als, ame —AS? Poe + Srot 
WK PARE keal/mol|e.u. | 6.u. | e.u. e.u. pul e.u. 
| 

90.12 | 85.0 | 0.11 1.62 1S227623.9) 058 ist! | 21.6 223.9 
and 0.14 1.59 18.5 11.2 | 21.8 
79.92 0.20 1.51 18.8 | Tae | 22.0 
68.61 | 64.1 | 0.21 1.48 18.6 | 22.5 | 11.9 doll 21.8 => 22.5 
and 0.29 1.44 20.1 13.2 23.1 
59.65 0.34 1.40 20.1 13.8 22.9 } 

0.38 1.27 19.0 12.9 | 21.7 
59.65 57.2 | 0.33 1.33 US85 )|) 2139) el 254 Tht 21.4 2221.9 
and 0.36 1.28 19.0 12.9 | 21.8 
54.82 0.40 1.24 18.9 13.0 21.6 

0.44 1.15 18.4 12.6 A 

0.47 1.09 18.1 12.5 | 20.5 


of the molecules. We may, therefore, more than with other molecules, 
expect a restriction of the rotation about an axis parallel to the surface. 
A flat-lying molecule may occupy two sites of adsorption, thus also 
restricting a rotation about an axis perpendicular to the surface. The 
low figure for the surface areas of the hydrogen and deuterium molecules, 
however, do not suggest that the molecules have taken up positions 
parallel to the surface. 


5. The adsorption of hydrogen on graphite at low temperatures 


BaRRER ”) investigated the adsorption of hydrogen on graphite at 
roughly the same temperatures as dealt with in the previous section. 
The specific area of his graphite, already mentioned in articles I (table III) 
and II (table V) of this series, was 45 m2/g. The data are assembled in 
table IV. 


TABLE IV 


Hydrogen on graphite; data from R. M. BARRER 


ees | s 4 | | 

Tana TV A —AH |—AS?| ,S3, |—AS%) ,S2.—,S% |—AS$] ,S° +S. 

mise ie keal/mol]| e.u. | eu. | eu. e.U. | Oct. e.u. 

89.5 0.03 1.53 19.8 | 21.8 | 12.3 7.4 23.3 | 221.8 
and 0.04 1.45 21.0 13.5 24.5 
79 0.06 1.41 20.0 12.6 23.5 

19 75 0.03 1.46 Rekkey | PAU GPT |] MAG} 7.3 22.3 = 21.2 
and 0.04 1.43 19.5 12.2 23.0 
71 0.06 1.39 19.8 12.7 23.3 
0.09 1.36 20.1 13.0 23.5 


") R. M. Barrer, Proc. Roy Soc. (London) A161, 476 (1939). 
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The results are comparable with those of hydrogen adsorbed on charcoal, 
as given in table IT. We may conclude that there is site-adsorption. 


6. The adsorption of hydrogen on charcoal at very low temperatures 

The measurements of vAN DINGENEN and vAN ITTERBEEK, used in 
section 4, were extended to very low temperatures. We used these 
measurements at temperatures in the neighbourhood of 20 °K to estimate 
the specific area of the charcoal. The degrees of occupation are very 
high so that a procedure as followed by us up to now cannot be used, 
the corrections from —AS to — AS? and — AS° being too uncertain. 
We shall come back to these data in a later article of this series because 
they reveal quite interesting particularities with respect to the problem 
of two-dimensional condensation. 

We have just been able to extract from the isotherms of 19.02 °K 
and 20.36 °K two corresponding points at a degree of occupation of 
6 = 0.88, where our procedure may still be used, thus giving us one figure 
for the intermediate temperature, 7’ = 19.7 °K. The data are given in 
table V. 

TABLE V 


Hydrogen on charcoal; data from van DINGENEN and vAN ITTERBEEK 


L | ff) | —4H | —AS? oir = ASS, . Str > Poy 
hy | kcal/mol | e.u. e.u. e.u. e.u. 
| 0.3 ae » | 14.6 | 7.9 | 5.9 


19.7 | 0.88 


When we compare these figures with those of tables II and IV, we 
see that the loss of entropy due to the act of adsorption is far less than 
at higher temperatures. Moreover, the heat of adsorption is far lower. 
One gets the impression that hydrogen is adsorbed by van der Waals’ 
forces at this very low temperature. We shall compare these figures with 
those of other gases in section 8. 


7. The adsorption of oxygen on charcoal at low temperatures 


VaN ITTERBEEK and vAN DINGENEN®) measured the adsorption of 
oxygen on charcoal. The charcoal which they used was not the same as 
in their other investigations, but an activated specimen, called “Desorex 
B’’. The specific area of this adsorbent may be derived from their isotherms 
at 57.95 °K and 54.14 °K with the aid of the method of BRUNAUER, 
Emmett and Treiuer, using 14.6 A? for the molecular area of an oxygen 
molecule. The specific are thus found is 1370 m?/g. 

The data calculated from their measurements are assembled in table VI. 

The degrees of occupation of the isotherms of lower temperatures 
were too high to be dealt with in our present procedure, These latter 


8) A. vAN ITTERBEEK aud W. vAN DiInGENEN, Physica 4, 1169 (1937). 
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TABLE VI 
en eS ee ee ee ee 


Oxygen on charcoal; data from v. ITTERBEEK and v. DINGENEN 


T, and P, ly 9 —AH --AS?| ,S?, —AS®,| ,S%— oe 
else “ae keal/mol e.u. O:11, eu: e.u. 
ee 
90.18 Siem Os ul 2.5 10.4 | 30.2 4.3 10.2 

and 0.23 2.3 11.4 5.6 
85.20 0.29 2.3 13.2 7.5 

0.34 2.2 13.1 Tal 
85.20 80.4 | 0.13 2.8 14.8 | 29.8 9.4 10.1 
and 0.29 3.0 21.6 16.1 
75.55 0.38 2.9 21.1 15.9 
75.55 70.7 | 0.42 2.7 19.2 29.2 14.3 979 
and 0.53 v5) 19.0 | 14.7 
65.85 0.60 | 2.5 19.3 15.2 

| 

60.82 59.4 | 0.82 2.3 17.2 | 28.3 16.5 9.8 
and | 
57.95 


data will be used in a later article in this series when we shall discuss 
condensation phenomena. 

At 87.7 °K the loss in entropy by the act of adsorption, calculated 
for the standard of the ‘“entropically ideal mobile adsorption” is still 
less than corresponds with one degree of translation entropy. The adsorbed 
molecules may be considered to behave as an ideal two-dimensional 
gas, even having some entropy caused by a vibration perpendicular to 
the surface as a whole (‘‘super-mobile” adsorption). 

At lower temperatures and higher degrees of occupation more entropy 
is lost, but the picture of mobile adsorption fits the data better than that 
of localized or site adsorption. 

At 59.4 °K the loss of entropy in the standard state of mobile adsorption 
is 6.7 e.u. more than corresponds with the loss of one degree of translation 
entropy. The rotation entropy of gaseous oxygen at that temperature is 
7.3 e.u. and one might be inclined to ascribe part of the — AS° value to 
loss of rotation freedom. However, a comparison with argon (article I 
of this series, table IT) at 83.7 °K and a degree of occupation 6 = 0.85 
reveals that argon suffers some restriction of free movement over the 
surface. Just as with N,, as discussed in article II of this series, we are 
inclined to ascribe the extra loss of entropy to a restriction of the transla- 
tion movement of the molecules over the survace, rather than to a 
restriction of the rotation. 


8. Discussion of the adsorption of oxygen and hydrogen on charcoal 


It is well known that, at higher temperatures, oxygen is chemisorbed 
by charcoal. However, this chemisorption, does not occur or goes extremely 
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slow at lower temperatures °). The entropy data calculated in this article 
confirm the view that there is no chemisorption of oxygen at temperatures 
between 60 °K and 90°K. The oxygen molecules behave as two-dimensional 
gas molecules at the highest of these temperatures, whilst there is some 
restriction of their movement at the lower end of this temperature range 
and at higher degrees of occupation. There is no necessity to accept a 
restriction in the rotation of the molecules. 

The behaviour of hydrogen is more complex. At 19.7 °K the adsorption 
seems to be of a purely physical character. The heat of adsorption is very 
low and has the same figure as that of helium (see article I of this series, 
table V). In table VII we have assembled the data for the adsorption 
of hydrogen at 19.7 °K calculated in the present article, those of helium 
from article I, table V and also some data of argon on charcoal (article I, 
table IT) and of nitrogen on charcoal (article IJ, table IV), both at roughly 
the same degree of occupation. The corresponding heats of adsorption 
and the temperatures, moreover, are such that for all gases the heat 
of adsorption roughly equals 10R7’. 


TABLE VII 
. —AH Sy ie a ee 
— ~ 8 keal/mol e.u. e.u. eu. Sir — air 
Je t/t BS eae 0.88 0.37 8.2 14.6 te) 5.9 
He | U7 =" O.50 0.36 14.4 16.7 Lyi 6.6 
N, 83.7 0.87 159 16.3 29.6 14.2 10.0 
A 83.7 0.85 1.98 16.3 30.7 13.8 LORS 


A study of this table reveals that the entropy figures all point to a 
comparable behaviour of these adsorbed gases, viz. a restricted translation 
of a two-dimensional gas, without a serious restriction of rotation in the 
case of the two-atomic gases. Hydrogen is more mobile than helium. 

At higher temperatures, however, the behaviour of hydrogen is different. 
In the temperature range of 60 °K to 90 °K the heat of adsorption is 
far higher than at very low temperatures. It is more important, however, 
to learn that the figures of — AS? approach those of ,S? or that the 
figures of —AS$ point to a two-site adsorption. Such a two-site adsorption 
does not necessarily mean a splitting up into atoms. Since, however, 
BurstEIn ) has found that a very pure charcoal stringently outgassed 
at 900 °C behaves as a very active catalyst for the H, and D, exchange 
reaction at liquid air temperature, such a dissociation into atoms on 
charcoal at these low temperatures must be considered as a possibility. 


9) E. J. W. Verwey and J. H. pe Borr, Rec. trav. chim. 55, 675 (1936); 
J. H. pr Boer and H. H. Kraak, Rec. trav. chim. 56, 1103 (1937). 

10) In article I of this series the temperature is erroneously given as 19.37; 
this must be 19.73. 

11) R. Burstern, Acta Physico chim. U-R.S.S. 8, 857 (1938); see D. D. Exzy, 
Advances in Catalysis I, 157 (Academic Press, New York, 1948). 
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The entropy figures of the adsorption of hydrogen on charcoal at 
353 °K also point to a chemisorption. If only van der Waals’ forces were 
operative, we might have expected the molecules to behave as a two- 
dimensional gas without any restriction of their movement. Experience 
with other gases would even have induced us to expect a fairly high 
degree of super-mobility. The chemisorption character may be of the same 
nature as that operative at temperatures between 60 °K and 90 °K. 
It is true that the heat of adsorption found by application of the CLAPEYRON 
equation is higher at 353 °K than at the lower temperatures, but a similar 
behaviour is found with nitrogen and argon as may be shown in table VIII, 


TABLE VIII 


Differential heats of adsorption in kcal/mol 


_ Hy, N, A 
~85 Wes) 1.9 1.9 
~125 2.7 2.5 
~250 4.4 Beis 
~350 2.7 
~380 4.5 


where average values — taken from the appropriate tables in articles I 
and II of this series — are assembled, all valid for low degrees of occupation, 

It is remarkable, however, that the differential heat of adsorption of 
hydrogen increases with increasing degree of occupation. 


Summary 


1. The adsorption of hydrogen on charcoal at very low temperatures 
is caused by van der Waals’ forces. The translation movement of the 
adsorbed molecules is somewhat restricted. 


2. At higher temperatures hydrogen seems to be adsorbed by chemical 
forces. It cannot be decided whether the molecules are bound in a position 
parallel to the surface, nor can it be decided whether a splitting up into 
atoms has taken place. 


3. The adsorption of oxygen on charcoal at temperatures between 
60 “K and 90 °K is of a physical character. The molecules move freely 
over the surface at the upper end, but are somewhat restricted in their 
movements at the lower end of this temperature range. 


4. A model of two-site adsorption is introduced and the entropy 
relations connected with this model are discussed. 


Central Laboratory of 
the Netherlands State Mines 
Geleen (L), April 1953. 


ASTRONOMY 


ON THE SPECTRUM OF PLANETARY NEBULAE HAVING WOLF 
RAYET NUCLEI 


BY 


A. VAN PELT 


(Circular No. 7 of the Astronomical Institute of the University of Amsterdam) 


(Communicated by Prof. H. ZaAnsrra at the meeting of May 30, 1953) 


Summary 


For a planetary nebula having a Wolf Rayet star as a nucleus the 
succession of shells given in Figure 1 may be expected theoretically, 
each shell emitting the recombination spectrum as indicated. ZANSTRA 
and WEENEN have shown that the spectrum of Wolf Rayet nucleus and 
planetary nebula fit together for He II and He I. It is shown that the 
fit also holds for recombination spectra as well as electron excitation 
and fluorescence in the case of NGC 6543. An investigation including 
more nebulae showed similar results and will be published elsewhere. 


According to BEALs the envelope of a Wolf Rayet star would have a 
shell structure similar to that of a planetary nebula, the shells being 
completed in the succession of decreasing ionization potential by 
absorption of the corresponding ionizing radiation. If this is correct, a 
planetary nebula having a Wolf Rayet as its nucleus would be the 
continuation of the Wolf Rayet envelope. ZANSTRA and WEENEN 4), 
using Wright’s observations, have shown that this is the case for the 
spectra He II and He I, so that the separation of nuclear envelope and 
nebula is either in the He II shell or in the He I shell or occasionally on 
their boundary (The shell is named after the spectrum it emits). The 
present investigation includes the spectra of various elements in their 
successive stages of ionization produced by recombination as well as by 
electron impact and fluorescence. Zanstra and Weenen’s Figure 2 shows 
the spectra in the successive shells to be expected when they are produced 
by recombination. In the present Fig. 1 it is re-drawn in such a manner 
that the extent of each shell is represented by the corresponding range 
of ionization potential, which, for a not too large region, should be a 
rough measure of this extent. 

For comparison with observation we take as an example the planetary 


1) H. Zansrra and J. WEENEN, Bulletin Astr. Inst. of the Netherlands 11, 165 
(1950). 
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nebula NGC 6543 with Wolf-Rayet nucleus. The recombination spectrum 
C IV is observed in the nucleus and the recombination spectrum C III 
in the nebula, so that the cut between Wolf Rayet envelope and nebula 
might be made as indicated in Figure 1. 

In the Wolf Rayet envelope were observed the recombination spectra 
Ven Va LYes0 LY, Ha Tl, 

One should expect there theoretically the spectra of Fig. 1 to the left 
of the cut. They are all observed, except O V, which is never observable, 
H which is presumably too weak and N III. Since however O III is 
observed, this shows the presence of the radiation which would excite 
the N Ill. The agreement with observation and theory is therefore 
satisfactory for the Wolf Rayet part. 

For the nebula recombination spectra are much harder to observe 
than for the nucleus, since its extent in space is is much larger and the 
radiation correspondingly weaker. However the region where the O II 
spectra should be produced by recombination shows itself because the 
[O III] spectrum is strongly excited there by electron impact the pre- 
dominent ion O+*. Similarly the too weak O I and N I recombination 
regions show up as [O II] and [N II] competing. with each other, 
but for the O III and N II recombination regions there are no 
corresponding forbidden lines for the predominant ions. According 
to Bowen, a fluorescence spectrum N III may be produced in the 
recombination region N II by L, of He II acting on the predominent 
ion N~~+. In the nebula one would expect theoretically the recombination 
spectra to the right of the cut. Indeed one observes in the nebula the 
following spectra: [O III] for OII, [OI] for OI, NIII fluorescence for 
NIJ, [NII] for NI, CII, CII, Hel and H. None of the recombination 
spectra N III, NII, NI, OI, OI, OF are observed, but they may all 
be well too weak, since the ionizing radiation is to a great extent taken 
away for the production of the recombination spectra C III, CII, Hel and 
H. The spectrum of CI is weak in the wave-length region accessible to 
observation, so that its absence is not unexpected. One may therefore 
conclude that there is agreement with theory also for the nebula. 

Also a faint [O I] is observed, which might be attributed either to the 
scarce neutral O atoms in the OI recombination region or to the adjoining 
neutral oxygen region, which should be to the right of it in Fig. 1. 

The other nebulae with Wolf Rayet nucleus treated were: NGC 40, 
IC 1747, IC 418, NGC 6210, NGC 6572, IC 4776, NGC 6751,, NGC 6826 
NGC 6905, NGC 7026, IC 5217, BD 30.3639, which showed the same 
measure of agreement. 

A more full account of the investigation will be published elsewhere. 


BIOCHEMISTRY 


ON THE ROLE OF THE NUCLEIC ACIDS IN THE BIOSYNTHESIS 
OF THE PEPTIDE BOND 


1B jN% 


V. V. KONINGSBERGER anv J. TH. G. OVERBEEK 
(Van ’t Hoff Laboratory, University of Utrecht) 


(Communicated by Prof. V. J. KonINGSBERGER at the meeting of April 25, 1953) 


Introduction 


With reference to the statements of CaspERSSON [1, 2], BRACHET [3-6] 
and other authors [6-12], suggesting on divergent grounds a still un- 
defined réle of the nucleic acids in the biosynthesis of proteins, a working 
hypothesis on this biosynthesis was put forward in this laboratory about 
a year ago. 

In order to provide some experimentally supported details about one 
part of our hypothesis a study was made on the reaction kinetics of the 
hippuric acid synthesis described by CHANTRENNE [12]. 

The results of our measurements and our working hypothesis as far 
as it is related to them are presented in this paper. Although this hypothesis 
has some features in common with the one recently proposed by DouNncE[13] 
we are led to suggest the occurrence of rather different intermediate 
compounds during an essential stage of the peptide chain synthesis. 


Experimental part 


The model synthesis of the peptide bond described by CHANTRENNE [12] 
involves the use of phenyl benzoyl phosphate (P.B.P.) and glycine which, 
under physiological circumstances, react together up to 99 % to form 
hippuric acid. 

All our experiments -were carried out at 37° C; the reagents were 
dissolved in 0.1 m phosphate buffer. The sodium salt of P.B.P. was prepared 
as described by CHANTRENNE [12]. 

Under highly standardized conditions reaction velocities were measured 
by colorimetric determination of the acyl phosphate according to the 
method of Lipmann and Turrne [14]. After well-determined times of 
incubation, 5 ml of the reaction mixture was rapidly mixed with 5 ml 
of 2 m hydroxylamine solution, pH 6.0 and incubated at 37° GC for 
90 minutes, the formation of benzoyl hydroxamic acid being completed 
after this period. After that 20 ml of 1.66 % FeCl, solution in 1 N HCl 
was added and the extinction, due to the colour of the ferric benzoyl 
hydroxamate, was measured at an average wave-length of 550 mu by 
means of an “Engel” colorimeter. 
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From the extinctions measured the percentages of P.B.P. left after 
different times of incubation with glycine were computed and plotted 
in a curve from which the course of the concentration of P.B.P. with 
the time of incubation could easily be read. 

Table I and figure 1 illustrate results of the procedure outlined above. 


TABLE I 


Reaction velocity at 37° C of a solution of 0.0025 m P.B.P. and 0.1 m glycine in 
0.1 m phosphate buffer pH 7.39. No measurable hydrolysis of P.B.P. occurred. 


Time of incubation 
in minutes 


OF Olsens. be Lert K x 10* (sec.—) 


mon, 


0 100 — 

5 88.1 4.2 
10 77.5 4.2 
15 68.3 4.2 
20 60.2 4.2 
25 53.1 4.2 
30 47.2 4.2 
35 42.1 4.1 
40 37.8 4.1 
45 33.9 4.0 
50 , 30.4 4.0 
55 Pe | 4.0 
60 24.1 4.0 


Furthermore, the spontaneous hydrolysis of P.B.P. was determined 


separately under the same conditions as was the velocity of the peptide 
0° \ Concentration in % of 
PBPleft. 


50 


Time in minutes. 
O JO 60 


Fig. 1. Course of the concentration of P.B.P. with the time of incubation under 
the experimental conditions described in table TI. 
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bond synthesis. Whenever necessary corrections for hydrolysis were 
made, though P.B.P. solutions appeared to be remarkably stable over 
the pH range from about 6.2 to 8.0. 

Measurements were carried out at pH 7.39, 6.65 and 6.29 with different 
concentrations of P.B.P. and glycine. We proved the reaction to be first 
order with respect to the concentration of P.B.P. in all cases investigated. 
This finding is not in agreement with the data published by CHANTRENNE 
[12], indicating the reaction to be second order with respect to the 
concentration of this compound. 

In addition, by variation of the pH and of the concentration of the 
glycine, we could prove the reaction to be also first order in the con- 
centration of glycine and of OH- over a pH range up to 7.4. See table II. 


TABLE II 
Computed and determined rate constants at pH 7.39, 6.65 and 6.29 with different 
concentrations of P.B.P. and glycine. 


Pseudo first order 
Cone. P.B.P. | Conc. glycine rate constant x 10° 
(moles/1) (moles/1) (sec) 


Computed | Determined 


Exp. nr. pH 


1 7.39 0.0025 0.1 - 41 
2 7.39 0.00125 0.1 os | 40 
3 6.65 0.00125 0.1 | 7.9 Sy 
4 6.29 0.00125 0.1 3.5 | 3.6 
5 7.39 0.00125 0.044 | 18 | 19 


Consequently the reaction velocity, v, can be given as 
y = K [P:B.P.] [glyemme} [OH -] 


with K = 0.7 « 101° ml? mol-? sec. 


Discussion 
The following reaction scheme involving nucleophillic attack of the 


carboxyl carbon by the free electron pair of the amino group nitrogen 
is in good harmony with the data described above: 


HN C COO™ + OH = N-c 
— os + Ls — — al 
aed oS st coo + H,0 
0304 eg fe) 
| Le I ll 
: J 
Ons NH 
i HCH 
ce ( 
HNH C0O0O- 
+ H¢H 
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It is also in agreement with the reaction scheme proposed by KosHianp 
[15] for the acylation of amino acids and amines by acetyl phosphate. 

The reactivity of the acyl phosphate bond suggests that one of the 
functions of the nucleic acids in the biosynthesis of the peptide chain 
may be the forming of intermediate high-energy acyl phosphate bonds. 
Moreover, it seems rather likely that the nucleic acids serve as templates 
[13, 16, 17] determining the structure of the proteins formed. It should 
therefore be assumed that at least as many specific arrangements of 
the functional compounds (probably the nucleotides) exist in a given 
nucleic acid as there are specific arrangements of amino acid residues 
in the protein synthesized on the “‘mould” of this nucleic acid. 

Consequently an essential intermediate compound in the biosynthesis 
of proteins could be a nucleic acid, acylated with amino acid residues 
as indicated in fig. 2. Starting from these amino acid-nucleic acid compounds 
poly-peptide chain synthesis would occur almost spontaneously, the 
course of the synthesis being of an identical chemical nature with the 
model synthesis of hippuric acid described above. 

In order to synthesize a complete poly-peptide chain and not a number 
of short oligo-peptides, the peptide bond formation according to the 
scheme outlined in fig. 2 should proceed upwards. This means that 
reaction at the phosphate acyl bond should occur easily when the phosphate 
is acylated with a peptide, but not when a free amino group is present. 
It is conceivable that in the first case steric circumstances are more 
favourable on account of the difference in interaction of an amino group 
(NH,;) and of a peptide bond (-CO-NH-) with constituents of the nucleic 
acid. 

At the moment only vague suggestions can be made about the mechanism 
for the synthesis of the acylated nucleic acids, which should also be quite 
selective. Acylating interaction of phosphotransacylase systems containing 
coenzyme A (CoA) [18-22] or similar compounds may be involved. 
This interaction might be relatively non-specific, the specificity of the 
total reaction being due to a directing influence of the nucleic acid (nucleo- 
protein) itself. In connection with this influence attention should be 
drawn to the fact that the structure of a nucleic acid template becomes 
more specific by every amino acid residue that is fixed upon it. Referring 
to some recent data [22, 23] on the structure specificity of proteins, 
the degree of specificity of the nucleic acid templates must still be left 
open to discussion. With regard to the reaction scheme outlined in fig. 2, 
attention should be drawn to the following aspects: 


1. Carboxy-phosphate derivatives of the nucleic acids are still un- 
known. So are the phospho-amide derivatives suggested by Dounce [13] 
as intermediate compounds in peptide chain synthesis. However, analogous 
compounds are known and have been tested for their reactivity in the 
synthesis of the peptide bond. From data in the literature [12, 15, 24-27] 

17 Series B 
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and from our own measurements it may be concluded that a number 
of carboxy-phosphate compounds (e.g. substituted benzoyl-phosphates, 
acetyl phosphate, phtalylglycyl dibenzyl phosphate) react in vitro under 
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Fig. 2. Schematic outline of the synthesis of a poly-peptide chain starting from 
an amino acid-nucleic acid compound. 6 = purine and pyrimidine derivatives. 


more or less physiological circumstances spontaneously to form peptide 
bonds. Phospho-amide compounds [27, 28, 29], however, although they 
may form peptide bonds, do not react under physiological circumstances. 


2. In our hypothetical mechanism only one unknown labile nucleic 
acid compound is assumed. The necessary steric requirements for the 
most essential reaction during the last step in this mechanism may be 
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easily furnished by the nucleic acid structure itself, in contradistinction 
to the steric requirements for the corresponding step in the mechanism 
proposed by Dounce [13]. This fact is illustrated by Stuart models in 
fig. 3. 

Furthermore, only a few non-specific — if any at all — enzymes 
regulating the reaction have to be assumed, as a spontaneous reaction 
may be expected. 


H ° fH 
(et) H nected 
H O—PANH O 
O~H H c°\, C 
2 
H om 


ie = 
tu ©. .O 


De @?: : 
ag. © ide ‘e 


A 


WHE carbon MM oxygen Es phosphorus — ()purine and 
Co hydrogen EQ nitrogen pyrimadine derivatives 


Fig. 3. Stuart models illustrating the biosynthesis of the peptide bond: 
A. Starting from phospho-amide compounds of the nucleic acids as suggested by 
Dounce. B. Starting from carboxy-phosphate compounds of the nucleic acids 
according to our hypothesis. In both models quaternary N-atoms had to be used 
instead of P. The glycine residues are turned into a favourable position for reaction. 
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3. In agreement with Dounce [13] a part of the specificity of the 
nucleic acid template is ascribed to the presence of the purine and pyri- 
midine derivatives. 


4. Physiological interesting aspects — an interrruption of the reaction 
if one or more amino acids are missing on their specific places in the 
template and a possible correspondence in a major spacing along the 
fiber axis between poly-peptides and poly-nucleotides [13] — remain valid. 


5. Several aspects of our reaction scheme, as for instance stability 
and reactivity of acylated nucleic acids and interaction of acylated 
compounds with nucleic acids or nucleotides can be tested experimentally. 


The authors wish to thank Dr. A. J. StavermMAN for his continuous 
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interest and helpful criticism, Dr. C. A. Saremrnk for providing the 
P.B.P. and Mr J. G. V. pz Jone and Mr A. M. van DE VEN for carrying 
out the reaction velocity measurements. 


Summary 

1. A study was made on the reaction kinetics of the model synthesis 
of the peptide bond as described by CHANTRENNE. 

2. A reaction scheme of this synthesis is described. 

3. In addition a hypothesis is presented concerning the rdle of the 
nucleic acids during the biosynthesis of the peptide bond. It postulates 
the existence of intermediate amino acid-nucleic acid compounds with 
carboxy-phosphate bonds and it needs a relatively small number of 
specific enzymes. 
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CHEMISTRY 


INFLUENCE OF ORGANIC COMPOUNDS ON SOAP AND 
PHOSPHATIDE COACERVATES XVIII. *) 


THE INFLUENCE OF pH ON THE ACTION OF FATTY ACIDS ON SOAP COACERV- 
ATES (WITH SOME NOTES ON THE GERMICIDAL ACTION OF DETERGENTS) 


3X 


H. L. BOOI anp A. M. VAN LEEUWEN 


(Communicated by Prof. H. G. BUNGENBERG DE JONG at the meeting of April 25, 1953) 


In preceding investigations on oleate coacervates (BUNGENBERG DE 
Jone et al. [1]) it was observed that every preparation of Na-oleate 
differed in coacervation properties. This has been assumed to be the 
result of a factor called “‘autosensibilisation’’, and the conclusion reached 
was, that free oleic acid is present in practically all preparations of 
Na-oleate, especially in those where carbondioxyde from the air has had 
free access to the soap. Small amounts of acids (we examined HCl, formic, 
acetic, propionic, butyric and valeric acid) produced a considerable shift 
of the amount of KCI] needed for coacervation, which shift was independent 
of the nature of the acid added. This would indicate a remarkable 
phenomenon, namely that a weak acid like carbondioxyde would decrease 
the ionisation of a stronger acid (oleic acid). 

It is evident that this phenomenon must be connected with the fact 
that Na-oleate is present within the coacervate not as free ions but in 
micelle form, and it is clear that this must be the explanation of the 
difference between the titration curves of Na-oleate in water and alcohol 
too. Compare also the influence of pH on the interface water/benzene 
when palmitic acid has been added to the system (PETERS [2]). We had 
already seen (Boots and VREUGDENHIL [3]) that at approximately neutral 
pH the fatty acids may be divided into two classes, the lower ones having 
a salt-demanding (“opening”) action, while the longer ones act as salt- 
sparing (“condensing’’) substances. We have now tried to measure the 
influence of the fatty acids at intermediate values of pH. 


The action of fatty acids on an oleate coacervate at low pH 


First of all we tried to vary the pH of the oleate solution by adding 
small amounts of hydrochloric acid. This was not succesful. Sometimes 
a coacervate was formed (as seen under the microscope, and even visually 
in the test tubes), but then the liquid did not separate into two layers, 
and practically always the carbondioxyde from the air seriously interfered 
with the experiments. It was therefore thought necessary to work in a 
buffered medium and to perform the experiments in stoppered tubes. 


*) Publication no. XVII of this series will be found in Rec. Trav. chim. 71, 101, 
(1952); no. XVI in Proc. Kon. Ned. Akad. v. Wetensch. Amst. 54, 273, (1951). 
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It proved impossible to work with sodium-tetraborate because with this 
substance only flocculation and no coacervation was observed. This was 
ascribed to the flocculating action of the Na-ion and indeed, with 


potassium-tetraborate coacervation is quite well possible. The solution 
which we used was constituted as follows: 


10 g  Na-oleate 
16.18 g K-tetraborate 
20 ml KOH 2n 


495 ml H,O 


The pH of this solution was approximately 9.6 (glass electrode). To 
25 ml of the blank we added so much fatty acid as to give an end 
concentration in the tubes of 0.5 mmol/l and we used potassium chloride 
to produce the coacervation according to the following scheme: 


3 ml soap solution 
ml KCI 2.2 n 
(8-x) ml H,O 


The coacervate volumes were measured after one night and were plotted 
as per cent. of the volume against the concentration of potassium chloride. 
The shifts in KCl concentration (needed for 50 °% coacervation) produced 
by the various fatty acids can be read off the graph and indicate their 
activities. When comparing the activities of the fatty acids one observes 
a remarkable difference between those at high pH (Boo1s and BUNGENBERG 
DE Jone [4]) and those at pH = 9.6 (fig. 1). At high pH the activity 


0.2 


salt-demanding Copening > activity 
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Fig. 1. Activity of fatty acids on an oleate coacervate at pH = 9.6 and pH = 12. 
Concentration of the fatty acids = 0.5 mmol/l. Activity expressed in n KCl 
(= difference between the concentrations of KCl needed to obtain a coacervate 
volume of 50 %; a) in the case of oleate + added fatty acid and b) of oleate alone). 
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is not only higher, but all fatty acids act in the same (salt-demanding) 
direction. In borate buffer it appeared that most fatty acids exert a 
salt-demanding (opening) action, while the minimum of activity which 
we found at high pH has changed into a maximum of condensing activity 
at approximately the same number of carbon atoms. Could it be possible 
that practically all fatty acids investigated act on this system as anions, 
while palmitic and stearic acid are present in the form of undissociated 
acids? 

We think that we may answer this question in the affirmative. The 
following experiment demonstrates how the presence of certain micelles 
may influence the equilibrium between molecules and ions. We made a 
solution of oleate (2%) and added 1/10th (in volume) of KOH 2 n. 
In 50 ml of this blank we weighed 0.75 g o-cresol, which at this high 
pH dissolved rapidly. Then we made a coacervate of this soap solution 
with the aid of KCl. The concentration of KCl needed for coacervation 
shifts to a lower value than that found for the blank, so o-cresol is a salt- 
sparing (condensing) substance. During this experiment we saw, however, 
a remarkable phenomenon: a coacervate layer was formed in a relatively 
short time, but it was not stable. Large vacuoles were formed which 
united with the equilibrium liquid (fig. 2A —+B-—-C) and the next 


Fig. 2. 

An oleate coacervate with added 
o-cresol is not stable. Its volume 
decreases till—after several hours 
—a stable, much more condensed, 
layer has been formed. 


A B Cc D 


day the coacervate layer was very much smaller (fig. 2 D). This is also 
demonstrated in fig. 3, which gives the volume of the coacervate layer 
in relation with the concentration of KCI. After a quarter of an hour 
the volumes of the coacervate layers were estimated (A), and next day 
the same layers proved to be much smaller. In some tubes which originally 
did not show any sign of coacervation a layer did appear during the 
night. The only possible explanation seems to be that originally many 
of the cresol molecules in solution are dissociated in consequence of the 
high pH of the soap solution. The addition of KCl produces coacervation, 
and the soap micelles formed take up the uncharged cresol molecules, 
which — like other salt-sparing substances — will make the coacervate 
layer smaller. This results in a shift of the dissociation equilibrium of 
cresol molecules and ions. Additionally, this experiment gives a strong 
argument for the hypothesis that the micelles in the coacervate are built 
otherwise than those in a soap solution [5]. When the micelles are of 
the same structure one would not expect the phenomenon pictured in 
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fig. 2, for then the cresol molecules would presumably be present within 
these micelles already., 

Thus we conclude that a micelle (in a soap coacervate) may take up 
preferentially uncharged molecules and the next assumption would be 
that the best condition for this taking up is realised when the fatty acid 
added fits as well as possible into the micelle structure. This means that 


100% 


coacervate I 


Fig. 3. 

Volume of oleate coa- 
cervates to which o- 
cresol has been added 
in comparison with the 
blank oleate. A = esti- 
mated volume of the 
coacervate layers in 
per cent. after a quar- 
ter of an hour, 6 = 
coacervate layers next 
day. 


50% 


1.0 1.5 n 


salt concentration 


with an oleate coacervate at high pH a minimum of opening activity 
will be found at 15-16 C atoms—i.e. the effective length of an oleate 
molecule—(fig. 1 A), but that at a lower value of pH a maximal condensing 
activity must be present in the same region. One could predict that 
oleic acid will have—at high pH—an opening action much smaller than 
that of palmitic acid, but that at low pH the condensing activity of 
oleic acid must be larger than that of palmitic acid. 


Experiments with a coacervate of cetylsulfate at various values of pH *) 


One of us has published a series of experiments on coacervates of 
synthetic soaps with a sulfate group [3]. These soaps can be handled 
at a wide scale of pH values as the sulfate group is much stronger than 
the carboxyl group of the natural soaps. As it was not possible to experi- 
ment with oleate coacervates at a pH smaller than 9, we turned our 
attention to cetylsulfate to investigate our problem more closely. The 
method used was practically the same as that described in the preceding 
publication. We did not use, however, NH,C1 as a buffering and coacervat- 
ing salt, but we chose the following mixtures for this purpose: 


100 ml K-citrate 0.5 mol + 25 ml HCl 1 mol pH = 6.8 8) 
110 ml K-citrate 0.5 mol + 5 ml HCl 1 mol pH = 6.6 
50 ml K-tetraborate 0.5 mol + 100 ml prim. K-phosphate 0.5 mol PELs 
80 ml K-tetraborate 0.5 mol + 40 ml HCl 1 mol pH = 8.3 


1) In performing these experiments we have had the valuable help of Miss Emmy 
HAZEWINKEL, for which we express our hearty thanks. 
2) Glasselectrode. 
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In the next experiment we used K,CO, as the coacervating salt, while 
some KOH was added to the cetylsulfate. This resulted in a pH of 
approximately 12. The experiments with a mixture of K-tetraborate and 
HCl were not successful at first, because boric acid crystallized slowly 
in this mixture. We performed this experiment finally in the following 


Fig. 4. 

Influence of fatty 
acids on a cetylsul- 
fate coacervate at 
various pH values 
(-+ = salt-demand- 
ing activity, — = 
salt-sparing activi- 
ty). Concentration 
of the fatty acids 
= 0.5 mmol/1. 


8 12 16 20 
number of C-atoms 


way. To each tube we added 2 ml of the mixture (which was held at a 
temperature of 40° C). The coacervation proper was then realised by the 
addition of KCl. 

Fig. 4 shows the influence of the fatty acids on a cetyl-sulfate-coacervate 
at different pH values. Of course, the salt-demanding and salt-sparing 
activities can not be compared with each other, as in each case the 
coacervating substance is different. It is evident that the pH has a very 
great influence on the action of the fatty acids. At low pH (fig. 4 A) even 
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the shortest acid investigated has a definite salt-sparing action. This 
would mean that in this case all fatty acids act in the form of undissociated 
molecules. When increasing the pH (fig. 4B and C) the shortest acids 
lose their condensing activity, eventually a small opening action making 
its appearance. This demonstrates the idea that every fatty acid has in 
relation to an oleate coacervate its own “apparent pK”, and that—in 
first approximation—the value of the “apparent pK” lies lower when 
the carbon chain of the acid is shorter. Thus at pH = 7.5 undecylic acid 
acts more like an uncharged molecule (salt-sparing action) than like a 
micelle disturbing anion (salt-demanding action). Still increasing the pH 
(fig. 4D) one observes that all shorter acids have an opening activity, 
while at very high pH (fig. 4 E) one gets the normal picture of a salt- 
demanding influence of all acids investigated. We expect [3] that the 
minimum of salt-demanding activity does not lie at palmitic acid, because 
cetylsulfate has a somewhat longer molecule. 


KOO 


coacervate 
volume 


Fig. 5. 

Shift of the volumes of 
cetylsulfate coacervates un- 
der the influence of lauric 
acid — L — (salt-sparing) 
and dodecylsulfate — D — 
(salt-demanding) at pH = 
5.8. Concentration of added 
substances 0.5 mmol/1. 
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Discussion 


If our explanation is right, the dissociation of the acid group of an 
added substance is of the greatest importance for the resulting action 
of this substance. It is indeed possible to give some experimental arguments 
for this view. We have already seen that e.g. lauric acid acts like a salt- 
sparing substance at pH = 5.8 (fig. 4 A). This is once more demonstrated 
in fig. 5, where we see that the concentration of the buffer mixture needed 
for coacervation is much lower than in the case of the blank. Then an 
acid with a much stronger group (dodecylsulfate) must have an action 
in the other direction, as this acid will be present as an anion at pH = 5.8. 

A very strong interaction (salt-sparing) is expected when the polar 
group of the acting molecule is able to neutralise the charged group of 
the substratum. Fig. 6 shows this to be the case indeed. Here the influence 
of a cation-soap on an oleate coacervate (made with the aid of KCl) was 
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investigated. Laurylpyridine proved to be one of the strongest  salt- 
sparing substances known. 


100% 


coacervate volume 


50% 


Fig. 6. 

Activity of laurylpyridine —L— 
at a concentration of 1 mmol/1 
on an oleate coacervate. 


0.8 12 1.6 


salt concentration 


The germicidal action of detergents 


One of the most conspicuous features of the bactericidal, fungicidal and 
insecticidal properties of detergents is the fact that these activities 
practically always show a maximum at a certain number of carbon 
atoms. One of us [6] drew attention to the fact that the resulting curves 
resemble the first part of the curve picturing the action of fatty acids 
on a coacervate of oleate at high pH. The hypothesis was given that the 
detergent action on living systems is caused by the disturbance of a 
system of parallelly arranged carbon chains (presumably a system of 
phosphatid molecules). This might be the protoplasmic membrane, but 
also any interface within the cell where phosphatids play a role. 

In literature one finds the following other explanations: 

1) surface activity is playing the most important part, 
2) the action consists in an inhibition of enzymes (or, more generally 
speaking, in a denaturation of proteins). 

Both explanations do not make it clear why the activity decreases 
at a certain length of the carbon chain. The solution of this difficulty 
was given by ALEXANDER and Trim [7], who pointed out that the longer 
detergents will show micelle formation, thereby reducing the concentration 
of free (active) ions or molecules. Yet, there is an objection against this 
hypothesis. A true detergent micelle is in equilibrium with the aqueous 
medium. Should a detergent molecule be taken up into the bacterial cell 
for instance, then the equilibrium would restore itself immediately. In 
other words the total amount of detergent molecules might be taken 
up into the cell, notwithstanding the micelle formation and the low 
equilibrium concentration of the detergent. 

The work of Srantey et al. [8] shows that micelle formation may 
even stimulate bactericidal action. Chaulmoograte, when isolated from 
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chaulmoogra oil, does not have a pronounced influence on Mycobacterium 
leprae. After adding oleate a strong bactericidal action results. Of course, 
the oleate forms mixed micelles with the chaulmoograte (thus preventing 
the crystallization of chaulmoograte) and evidently there is an important 
interaction between these micelles and the bacteria. So we arrive at the 
rather paradoxal view that micelle formation in some cases prevents 
bactericidal action (ALEXANDER and Trim), while in other cases a stronger 
bactericidal action results. This must be the result of rather specific 
affinities between the participating substances. The situation reminds one 
of the work of MacnEBorurF and TayxEAv on the extraction of lipoid 
from serum with the aid of ether [9]. This extraction may be promoted 
by the addition of other substances which give more or less specific 
results (see table I). 


TABLE I 
Bound to serum proteins Extracted in ether 
ether phosphatids, cholesterin not much 
ether + soap cholesterin phosphatids 
ether + saponine phosphatids cholesterin 
ether + bile salt phosphatids? ——— ——— }) 


We now arrive to the question whether we can prove experimentally 
which of the two hypotheses mentioned above (# independent micelle 
formation and } disturbance of a lipoid structure) does hold in a special 
case. This proves to be relatively simple; a comparison of the activity 
of a homologous series at two different concentrations will give an answer 
to the question. 

Schematically, the amount of free ions of a detergent will depend on 
the concentration as given in fig. 7. Up to a certain concentration the 
amount of free ions will be the samme as the concentration of the detergent, 
after the beginning of micelle formation the concentration will remain 


concentration of free ions 


Rigel i 
14 The amount of free ions 
of a detergent depends on 
concentration of detergent 
and on micelle formation. 
At relatively high concen- 
tration (A) the amount 
of free ions of a detergent 
with a chain of 18 C- 
16 atoms (C,,) is much less 
than that of a shorter 
member of the homo- 
logous series, 


Cc 
18 
| 


concentration of detergent 


1) In the last case cholesterin is neither extracted nor bound to the proteins; 
it is taken up into the bile salt micelles. 
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constant. According to the hypothesis of independent micelle formation 
at concentration A of the detergents (fig. 7) the activity must decrease 
after C),. If we now examine the bactericidal activity at a concentration 
B, 10 times as low as A, the micelle formation is no longer important. 
Then the maximum of activity is expected at C,, and not at C,,. In general, 
if the decrease of activity in a homologous series is dependent on micelle 
formation, one must expect that the maximum of activity shifts to longer 
chain lengths when decreasing the concentration of the detergents. 
In case of a disturbance of a lipoid system the maximum of activity 
is not related to micelle formation but to chain length and so we must 


inhibivion 


Fig. 8. 

Inhibition of lysozyme by nor- 
mal alcohols (computed from 
data of SmitH and SrockER 


[10]). 
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expect that it will remain practically at the same chain length when 
changing the concentration. 

We will select three experiments from literature to illustrate our point 
of view. In fig. 8 we give the inhibition of lysozyme by normal alcohols 
(computed from data by SmirnH and Srockxer [10]). We see that at 
low concentration of the alcohols an ever increasing activity appears, 
in the homologous series, while at higher concentration a pronounced 
maximum of activity is observed. The reason in this case was evident: 
the longer alcohols crystallize at a concentration of 0.4 mmol. 

Another case was given by Baker et all. [11]. The respiration of 
Staphylococcus aureus is inhibited by detergents (e.g. alkylsulfoacetates, 
fig. 9). Here the maximum of activity is not shifted to longer compounds 
at dilution of the detergent solution. This means that micelle formation 
(which undoubtedly takes place in solution of these detergents) does not 
cause the decrease of activity of the longer detergents. The hypothesis 
that the detergents desorientate a lipoid system seems to be the right 
one in this case (see also Horcuxtss [12]). It would be worth while to 
investigate in which cases micelle formation plays the decisive part and 
in which cases the other explanation comes true. We think that there 
will be found many cases in which the last hypothesis must be adopted. 

We owe the third case to Greun [13]. He measured the penetration 
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of fatty acids in erythrocytes and compared these data to the hemolyzing 
activity of the same acids on the same kind of erythrocytes. His results 
are given in fig. 10. As only one type of cell is involved one may not say 
that the acids follow the filter theory of permeability in the penetration 
experiment, while they behaye according to the lipoid theory in hemolysis. 


hemolysis 


100%, 
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pH = 5.3 


1/3000 
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Fig. 9. Inhibition of respiration of Staphy- Fig. 10. Hemolysis of, and pene- 
lococeus aureus by alkylsulfoacetates (data tration in beef erythrocytes by 
of Baker et al. [11]). fatty acids (data of GREEN [13)]). 


In the case of hemolysis t in mi- 
nutes, in the case of penetration in 
seconds. 


The explanation must be (Boots [6]) that the two criteria are different 
in the two experiments. Hemolysis is a disturbance of the lipoid containing 
membrane. GREEN’s criterion for penetration has been a change in the 
spectrum of hemoglobin. The situation may be outlined schematically 
in a diagram (fig. 11). As regards hemolysis the partition between II 
and I is decisive for activity. The longer fatty acids (in any case up 
to ten C atoms) will show a strong hemolysis. Penetration, however, 
will also depend on the partition between IJ (containing much lipoid) 
and III (containing protein and water). Thus long fatty acids will, as 
it were, stick in the membrane. This has nothing to do with the diameter 
of the possible pores in the membrane. 

The reader will have found already an apparently weak point in our 
hypothesis. It was said that fatty acid anions will disturb the organisation 
of the oleate micelles, but that the uncharged molecules behave in the 
reverse direction. Realising that the apparent pK of long chain fatty 
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acids is higher than that of shorter ones one would expect that at biological 
values of pH fatty acids will be taken up into phosphatid systems as 
neutral molecules. This, however, does not seem to be a conclusive 
objection, as the action of organic molecules depends very much on the 
situation of the “‘substratum’’. The more orientated the lipoid system is, 
the easier a disturbance will be brought about. Sauperr [14] showed 
that butylaleohol for instance has a salt-demanding (“opening” or 
disturbing) effect on crystallized soap systems, while, on the contrary, 
the effect on a coacervate of oleate is salt-sparing (so the alcohol promotes 
orientation). It is not far fetched to suppose that many lipoid systems 
in the cell are much more orientated than the micelles in an oleate 
coacervate. Then detergents might have a strong activity, even as 
molecules. 


Binge 

Scheme to explain the _ re- 
markable phenomena _ pictured 
in figure 10. See text. 


erythrocyt 


We believe that our point of view may lead to some general remarks 
on the biological activity of the members of a homologous series of 
organic substances. 

If the activity increases all the time when the carbon chain is lengthened 
then we may say that surface activity is the decisive factor (though we 
must realise that the partition oil/water increases in the same direction). 

In most cases, however, a peak is observed when the activity is plotted 
against the number of carbon atoms. Then we must remember that a 
living cell is a very inhomogeneous structure of hydrophobic and hydrophilic 
parts. If an organic substance inhibits an enzyme, which is practically 
always hydrophilic, then introduction of hydrophobic groups into this 
substance may increase the activity. Generally speaking this is a result 
of a change in the partition of the substance between the medium and 
the cell. Pretty soon, however, the increase of the chain length of the 
molecule will result in a loss of activity. Here the distribution of the 
substance within the cell begins to play a part: much of the substance 
“dissolves” in the lipoids and the concentration in the neighbourhood 
of the enzyme will be too low for activity. One may assume that this 
hypothesis holds when a peak of biological activity is observed at a rela- 
tively small number of C-atoms (say 6-7). 

The next possibility is that the substances act on a lipoid system and 
that this system has a moderate degree of orientation. Then in the homolog- 
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ous series of alcohols the lower terms may have a disorientating influence, 
while the higher terms promote orientation. Here too a peak would be 
found at a relatively low number of carbon atoms. This state of affairs 
has been found when working with soap coacervates. It might also occur 
in biological systems, but to our knowledge no definite example has been 
found yet. 

For those cases, where a peak appears at a high nuinber of carbon 
atoms we have already two possible explanations, viz. the independent 
micelle formation and the disturbance of an orientated lipoid system in 
the cell. By varying the concentration a choice between these two 
possibilities may easily be made. 

The idea that a disturbance of orientated lipoid systems plays an 
important part leads to some other interesting possibilities. Sometimes 
we observe a strong influence, as regards the germicidal power, when 
a double bond is introduced into a detergent molecule. As a molecule 
with a double bond has a stronger disturbing influence on a strongly 
orientated lipoid system we might frame provisionally the following 
working hypothesis. If the introduction of the double bond has a strong 
influence, then the lipoid system in the living cell on which the detergents 
act is strongly orientated. If not, the orientation is moderate. It would 
not be surprising if the permeability of the former cell for hydrophilic 
molecules would be found to be less than that of the latter ones, as 
permeability too will depend on the degree of orientation of lipoid systems. 
It might even be possible that some correlation with Gram-positivity 
and -negativity of bacteria exists. 

In many cases a low concentration of detergents causes a stimulation 
of the respiration of living cells. It is often assumed that this is a result 
of an increase in permeability. It might also be that a disturbance of 
the lipoid systems of cell components (e.g. mitochondriag) is the primary 
cause of this phenomenon. In some organisms (amphibian gastrula [15]) 
one finds a very strong increase of respiration during cytolysis and it is 
not clear where in this case permeability enters the picture. It seems 
more likely that the lipoid membranes between the various cell compart- 
ments are ruptured, resulting in a removal of some natural check on 
metabolism. Detergents may have the same mode of action. We feel 
certain that investigations in this direction may give valuable information. 


Summary 


As there are some arguments in favour of the hypothesis that detergents 
may act on lipoid systems of living cells, we performed some experiments 
on the action of detergents on model systems. We chose as detergents 
the homologous series of fatty acids and as model systems coacervates 
of oleate, and cetyl-sulfate. 

1. The action of fatty acids on an oleate coacervate at relatively 
low pH (9.6) shows that palmitic and stearic acid have a condensing 
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influence, while shorter and longer acids exert an opening action. 

2. The explanation seems to be that the micelles in the coacervate 
take up the uncharged molecules preferentially, which phenomenon is 
strongest when the molecule added fits exactly in the micelle structure. 

3. The taking up of fatty acid molecules into soap micelles is very 
much influenced by the length of the carbon chain, which was clearly 
demonstrated by an investigation of the action of fatty acids on a coacervate 
of cetylsulfate at different values of pH. 

4. The action of o-cresol on an oleate coacervate supports the view 
that in the coacervate another type of micelle is present than in a soap 
solution. 

5. As regards the germicidal activity of detergents, the hypothesis 
is framed that in many cases this activity is due to a disturbance of a 
lipoid system in the cell and not to the formation of independent micelles. 


Department of Medical Chemistry 
University of Leiden 
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CHEMISTRY 


THE CRYSTAL STRUCTURE OF d-Rb-BITARTRATE AND ITS 
ABSOLUTE CONFIGURATION 


BY 


A. J. VAN BOMMEL 


(Communicated by Prof. J. M. Bisvorr at the meeting of May 30, 1953) 


In a previous publication [1] the determination of the absolute 
configuration of tartaric acid from Na-Rb-tartrate was described. Extreme 
accuracy of the atomic parameters is not necessary since small deviations 
in these parameters have little effect in the determination of absolute 
configuration. Nevertheless it was thought worth while testing the result 
by means of a more accurate determined structure. For this purpose 
we chose the acid Rubidium salt of d(+) tartaric acid, which is isomorphous 
with the NH, salt. 

According to GrotH [2] Rb-bitartrate forms orthorhombic needles 
along [100]. Rotation diagrams about [100], [010] and [001]. 

Zero level Weissenberg diagrams about [100] and [001]. Cell dimensions: 


a= 7.665 b=10.980 c=7.917A, all + 0.003 A. 


Space group P 2,2,2,, four molecules pro cell. 
The isomorphous NH,-salt has the cell dimensions: 


a= 7.648 b=11.066 c=7.843A, all + 0,003 A. 


From Patterson projections along [100] and [001] axes the Rb 
coordinates were determined. From these the signs of the structure 
factors were deduced, the heavy atom contribution assumed to be 
predominant. Fourier syntheses gave rough C and O coordinates. 
These have been used to calculate the signs of the structure factors 
of the NH,-salt which after refinement by means of least square methods 
gave accurate parameter values for this salt. These parameters have 
been adopted for the Rb-salt, the direct analysis of heavy atom compounds 
being less suited for the accurate locations of the light atoms. The details 
of the three-dimensional analysis of the NH,-salt will be given elsewhere. 

Figures | and 2 and table I give the [100] and [001] Fourier projections 
and the atomic coordinates respectively. Layers of hydrogen bonded 
tartrate ions are separated by layers of cations (fig. 3). A detailed discussion 
of the hydrogen bonds will be given in the future publication. It may 
be added that the racemic compound (on this laboratory studied by 
Drs A. SPRENKELS) shows identical layers every other ‘second layer 
having the mirror configuration. i 


TABLE I 


Atomic coordinates 
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Fig. 1. Fourier projection along the a axis. Contours at equal intervals on an 
arbitrary scale. 


TABLE II 


; Calenlated Observed j 


hkl 
3 | Td 


Tina Ta 


113 281 351 =< 
114 412 369 = 
123 371 482 < 
124 226 212 = 
125 63 52 = 
126 159 147 = 
135 227 278 << 
141 239 209 = 
143 188 149 = 
146 80 93 <a 
151 359 316 = 
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In using Zr Ka rays, which excite the K electrons of the Rb-atoms, 
the differences in intensity between hkl and hkl reflexions of table IT, 
column 3, have been observed. The calculation relations, column 2, are 
based on our previous result as to absolute configuration. The agreement 
between observed and calculated differences in intensity confirms our 
previous conclusion. 

We wish to thank the Netherlands Organization for Pure Research 
(Z.W.O.) for its support of the investigation. 


Laboratorium voor Kristalchemie 
der Ruyksuniversiteit, Utrecht 
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CHEMISTRY 


CRYSTAL STRUCTURE OF d(-)-ISOLEUCINE HYDROCHLORIDE 
MONOHYDRATE. I. THE [100] PROJECTION 


BY 


J. TROMMEL 


(Communicated by Prof. J. M. Brsvorr at the meeting of May 30, 1953) 


The molecule of isoleucine contains two asymmetric carbon atoms. 
Until now it has been unknown wether the amino-group and the 
methyl-group attached to these two asymmetric atoms have the trans- 
configuration or the cis-configuration with respect to each other. In 
order to settle this question the structure determination was started of 
isoleucine hydrochloride monohydrate. It is also intended to determine 
the absolute configuration of the molecule [1]. 

Crystals of isoleucine hydrochloride monohydrate 


CH;\ WaISClsIC. : 
(ie i COOH-H,O 
NH,Cl 

have been obtained by adding concentrated HCl to a suspension of 
commercial d(-)-isoleucine in acetone and allowing the solution to evaporate 
slowly over soda lime in vacuo. The crystals are thin needles elongated 
along [100]. Rotation photographs about the three axes and zero-layer 
Weissenberg diagrams about [100] and [001] have been taken, and CuK« 
radiation was used. The cell dimensions are: 


a=6.13A, b=25.01A, c=—6.79A. 


Systematic absences in the h00, 0k0 and 001 reflexions lead to the space 
group P2,2,2, (Df). The density, measured by flotation in a toluene- 
chloroform mixture, is 1.19 g.cm.-*, giving four molecules pro cell. The 
X-ray density is 1.18 g.cm.-°. 

From PatTrerson projections [100] and [001] the coordinates of the 
chlorine atom have been determined. With the method of the isomorphous 
substitution, and using the chlorine and the bromine compound, the 
signs of most Okl reflexions have been fixed. Repeated FourtEr syntheses 
gave the [100] Fourrer projection of figure 1. Contours are drawn at 
arbitrary equal intervals, for the chlorine atom at twice this interval. 
Refinement of the coordinates is carried out with least square methods. 
So far the reliability factor R = >|Foy. — Firs [> |Fovs.| for all Okl 
reflexions has the value 0.23, and further refinement is in progress. A 
temperature factor has been applied, obtained from the ratio [Foy / {Feat | 
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: ay : 
against sin*}. As very thin crystals have been used, no absorption 
correction has been applied. Intensities are recorded by means of the 
multiple film technique and estimated visually. 


360° 


180° 


0 
ee y 
Fig. 1. [100] projection of d-isoleucine-HCl.1 H,O 


From the [100] projection alone no conclusions can be drawn about 
the relative configuration of the amino-group and the methyl-group, 
since both the cis-configuration and the trans-configuration fits on this 
projection. The [001] projection will decide between the two possibilities. 

I wish to thank the Nederlandse Chemische Vereniging for a grant 
during the year 1951. 

Laboratorium voor Kristalchemie 
der Rijksuniversitert, Utrecht 


REFERENCES 
1. J. M. Brsvornt, A. F. PeerpEMAN and A. J. van Bommet, Determination of 
the absolute configuration of optically active compounds by means of X-rays. 
Nature 168, 271, (1951). 


PHYSICAL CHEMISTRY 


HOPPING MOLECULES AND SURFACE MIGRATION 


BY 


S. KRUYER 


(Communicated by Prof. J. H. p—E Borr at the meeting of May 30, 1953) 


l. Introduction 


In many cases of adsorption of gases the adsorbed molecules move 
more or less freely over the surface !). However, even if the entropy data 
point to a localized or site adsorption, the molecules are far from immobile 
in the course of time. The mere existence of an adsorption equilibrium 
between a gas and an adsorbed layer implies a mobility of the adsorbed 
molecules along the surface 2). If there is a concentration gradient along a 
surface, this mobility will cause a migration of the adsorbed molecules 
in addition to the flow in the gas phase under the influence of the cor- 
responding gradient of pressure and thus enhance the total rate of flow. 
Experiments on the rate of flow through porous media *) 4) have shown 
that for gases which are known to be adsorbed on the porous substance 
under the experimental conditions this rate is higher than can be explained 
by a Knudsen (Poiseuille) flow through the pores. The amount of Knudsen 
(Poiseuille) flow was calculated from experiments with gases such as 
He and A, where adsorption could be neglected. The extra amount in 
case of adsorbable gases showed the same trend as would be derived from 
the adsorption isotherms. 

Experiments on the flow through porous media essentially deal with 
the flow through capillaries with a wide range of length and diameter. 
The flow of an adsorbable gas through a well-defined capillary was dealt 
with by Cuausine *)®), both experimentally and theoretically. By 
checking how long it takes to reach the condition of stationary flow he 
determined the mean time ¢ needed by argon and nitrogen molecules to 
get through glass capillaries with a diameter of the order of 10-2 cm and 
a length of 10—20 cm at low temperatures and such low pressures that 
the free path was long in comparison with the diameter of the capillary. 


1) J. H. DE Boer and S. Kruynr, Proc. Kon. Ned. Ak. v. Wet. 55B, 451 (1952), 
56B, 67 (1953). 

*) J. H. DE Borr, The Dynamical Character of Adsorption, Chapter VI, Section 
69 (The Clarendon Press, Oxford, 1953). 

8) R. H. Tomurnson, E. A. Froop, Can. J. Research 26B, 38 (1948). 

4) E. WickE, U. Voigt, Ang. Chem. B19, 94 (1947). 

5) P. Cuausine, Ann. Physik 7, 489 (1930). 

8) P. Ciausmne, Ann. Physik 7, 521 (1930). 
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His picture of the flow is the following: The molecules hit the wall, remain 
adsorbed for a time t, are desorbed in a random direction according to 
the cosine law, hit the wall again etc. If the adsorbed molecules stay at 
the same site during the entire time of adsorption 1, the time ¢ to get 
from one end to the other is: 

i Pr 


Bane aay Or 


4rv 8r2? 


where / is the length, r the radius of the cylindrical capillary and v the 
root mean square velocity of the molecules. The first term in ¢ is determined 
by the random motion in the capillary, the second by the standstill during 
the time of adsorption t as long as the adsorption is completely immobile. 

CLAUSING ®) mentioned the possibility of surface migration and showed 
that it had no influence on the flow through the macroscopic capillaries 
which he used. He treated surface migration as a kind of two-dimensional 
Knudsen flow where inhomogeneities in the surface form the barriers 
analogous to the wall in the three-dimensional case. Using a quite different 
picture of the motion along the surface we derived a formula for surface 
migration which is equivalent to that of Clausing. 


2. The diffusion constant for the hopping molecule 


As Clausing already noticed, the flow can be treated mathematically 
as a diffusion problem. He also proved °) that the diffusion constant D 


determines the time ¢ according to 
= [2 
t= 6D" 


To calculate the diffusion constant we use the well-known relation between 


the diffusion constant and the mean square 2 of the displacement per 
second in the direction of the concentration gradient, viz. 


2 
Des = 


Our picture of the adsorbed molecule is the following: During its stay 
of t seconds at the surface, it only remains t,, seconds at a given site, 
hopping t/r,, times to one of the neighbouring sites. We suppose that the 
sites form a regular two-dimensional lattice and we shall show that it 
does not matter whether we take the regular lattice with three, four or 
six nearest neighbours. Also the direction of the concentration gradient 
(the direction of the axis of the capillary), called the Z direction, may 
make any angle with the principle directions of the lattice. 

As the first example we take the case of four nearest neighbours, see 
fig. 1. A molecule in point 1 will after the time 1,, be in one of the points 
2, 3, 4 or 5, proceeding a distance a sin y, a cos ~, —a sin p, —a cos y in 
the Z direction. The calculation of the mean square of the total displace- 
ment after a number of jumps is a problem of random walk. Half of the 
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jumps have a component +a cos y in the Z direction, giving a mean 
: ffm. 
square of displacement 47a? cos? y if the number of jumps » = 7, 8 


great. The other half of the jumps gives } na? sin? ¢, so that the total mean 
square of displacement 


T 
z= 4+ na* = 4—- a’. 
Tm 


For a regular lattice with six nearest neighbours (see fig. 2) the cal- 


culation is analogous. 


Here one third of the jumps have a component + a cos gy in the Z 
direction, the second third have a component + a cos (60°—q) and the 
last third + a cos (60° + ). 
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The total 


51 4 wae) 1 1 
% = 3 na® [ cos* » + cos® (60° — y) + cos? (60° + g)] = 3 na = 5 — a2, 
Tm 
the form in brackets being equal to 3. 
In order to transform the case of three nearest neighbours to a problem 
of randoin walk one must take two adjoining sites with their neighbours 
instead of one site; the calculation is then formally equal to the case of 
six nearest neighbours. 
° a) T : : 
For all regular lattices, therefore, z =4— a and the diffusion 
; Tm 


constant for the surface migration is 


Ciausine *) derived D, = $/,v,, where 2, is the mean free path and v, 
the root mean square velocity of the two-dimensional gas. These results 


seem at variance at the first look, for ~ appears equivalent to v, and a 
m 


to 4,, but we must take into consideration that, for the derivation of the 
formula for the two-dimensional gas model, one does not take a constant 
free path but an exponential distribution of free paths. If the chance of a 
free path with a length between / and / + dl is equal to 


e~ "a dl, 


the mean is 4, and the mean square of the free path is not 2% but 2/°, the 
mean square of the component in a given direction is 2° and the mean 
time between two collisions is 4,/v,, so that /,/v, takes the place of t,, and 
27° is equivalent to a? where the factor 2 arises from the difference between 
the mean and the root mean square of the free path. Our formula and 
that of Clausing are equivalent. 


3. The influence of surface migration on the total flow 


One may treat the surface migration as a flow parallel to that in the 
gas phase, as Clausing did (5). At first sight this conception may seem a 
somewhat artificial one because not a part of the molecules travel in the 
capillary whilst the other part travels along the surface, but each molecule 
travels part of its time in the gas phase and the other part along the 
surface. 

The resulting relations are the same however. In order to deal with the 
flow resulting from the successive movements between and along the 
walls, we must also calculate the mean square of the displacement within 
the capillary in the direction of the axis. The chance that a molecule 
leaves the surface at an angle # with the normal is equal to 


sin? cos? dé 
fe , 


Taking y as the angle between the plane through the normal and the axis 
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and the plane through the normal and the direction of the molecule, we 
find for the displacement z in the direction of the axis, when the molecule 
hits the wall again, the value: 


tgdsin & 


ay) ses eee 
% = “1 T+tg?d cos? @ * 


Averaging for 3 and y, one gets for the mean square of displacement Zo 
from wall to wall: 


For the mean distance travelled by the molecule between leaving the wall 


and hitting it again one finds 27, and the mean time for this crossing is 
2. 


“a 


Le . : ° 
—, where v is the root mean square velocity. The time between two 
Vv 


2 ‘ 2 
successive hits on the wall is = +t, so that the diffusion constant for 


the total flow 


be ite 
2 Pe i ON ear 
D 2G “a 3 4 Tm 
= > = 


The mean time ¢ needed by the molecule to get through the capillary is 
equal to 


In the stationary state the concentration is a linear function of the 
distance in the capillary and the gradient is equal to 


Ny —No 


1 > 


where 7,—n, is the difference in concentration between entrance and exit. 
The total flow rate is given by 


ger x D pr he etl = 4a “ (2 —g) (1 = = *). 
16 #*<,, 


l 3 /2r Oe 
+4) 
This formula predicts that surface migration enhances the total flow rate 
by a factor 
(+552) 
16.9% 


because it shortens the mean time f by the same factor, 
For the adsorption time t FRENKEL ”) derived a relation with the heat 
of adsorption Q of the form 
T = T VAT, 
") J. FRENKEL, Z.. Physik 26, 117 (1924). 
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where T, is equal to the reciprocal frequency of the vibration perpendicular 
to the surface. The values of t which Clausing derived from his experiments 
satisfied this relation. We will show in another publication that this 
exponential dependency on the heat is always right but that the constant 
T) may have different values in exceptional cases. In general we may take 
a value of the order of 10~!8 sec for t). We tentatively suggest an analogous 
relation tT, = T e2n/kT where Q,,, the height of the barrier between the 


sites, is certainly less than the heat of adsorption. The quotient — 
T 


, ™m™ 
is equal to 
09-Qn/BT 
b] 


to have an estimate we put @, equal to half of the heat of adsorption. 

If T = 300° K and Q= 10 keal, this gives t/t, ~4x 10°. Our estimate is 
rough, moreover, we may take other values for the heat of adsorption 
and the temperature so that the quotient t/t, may vary by a few orders 
of magnitude but nevertheless our formula indicates that for macroscopic 
capillaries the influence of surface migration may be neglected because 
the distance a must be a few Angstrém, say 3 A. When we take a small 
capillary with , = 10-* cm, (a/r)? is of the order of 10-", so that the 


factor 1 + = (=) _ may be neglected. 

In porous adsorbents the mean radius of the pores may be as low as 
100 A or lower still, giving a quotient (a/r)? of the order of 10-3 or less; 
here surface migration is important. 

Finally we should point out that for such narrow pores the flow in the 
gas phase for all gases at normal pressure will be a Knudsen flow, but 
that the amount adsorbed may be so large that surface migration is not a 
two-dimensional Knudsen flow, as assumed by us and Clausing, but is 
limited by collision and hindrance encountered among the adsorbed 
molecules and not by the structure of the adsorbent. 


Summary 

1. Treating surface migration as a problem of random walk we derived 
a relation for the diffusion constant of the migration along the surface in 
the case of localized adsorption at low degrees of occupation. This relation 
is shown to be equivalent to the one derived by Clausing for mobile 
adsorption at low degrees of occupation. 

2. The influence on the total flow through capillaries exerted by the 
surface migration in the case of localized adsorption at low degrees of 
occupation is discussed. 

Central Laboratory of 
the Netherlands State Mines 
Geleen (L), May 1953. 
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UBER EIN CUMMINGTONIT-QUARZ-PLAGIOKLASGESTEIN ALS 

GLAZIALGESCHIEBE IN DRENTE (NIEDERLANDE), MIT EINER 

BEMERKUNG UBER DIE RONTGENOGRAPHISCHE BESTIMMUNG 
DER AMPHIBOLE 


VON 


E. NIGGLI unp A. C. TOBI 


(Communicated by Prof. I. M. vAN DER VLERK at the meeting of May 30, 1953) 


Ende 1952 iibergab Herr L. B. Bos aus Hardegarijp dem geologisch- 
mineralogischen Institut der Reichsuniversitit Leiden eine Gesteinsprobe 
zur naheren Bestimmung. Das Gesteinsstiick ist im Zijerveld, stiddstlich 
von Norg (Provinz Drente, Niederlande) gefunden worden. An dieser 
Lokalitaét liegt eine diinne fluvioglaziale Deckschicht (weniger als 2 m 
dick) auf Grundmorine (= keienleem). Das Gesteinssttick entstammt 
demnach nicht mit Sicherheit direkt aus der Grundmorane; es ist méglich, 
dass es als Gerdlle in der fluviogazialen Deckschicht auftrat. Letztere 
enthalt aber zum ganz tiberwiegenden Teil verschwemmtes Moranen- 
material, so dass die Charakterisierung als ,,Glazialgeschiebe’’ durchaus 
zu Recht bestehen diirfte. Die mikroskopische Untersuchung ergab, dass 
eine besondere, bislang als Geschiebe in den Niederlanden nicht beschrie- 
bene Gesteinsart vorliegt. Dies und die Tatsache, dass die Herkunft des 
Geschiebes, d.h. der vorglaziale Ort des Vorkommens, mit einiger Sicher- 
heit festgelegt werden konnten, liessen eine kurze Beschreibung als 
wiinschenswert erscheinen. 

Makroskopisch handelt es sich um ein recht zihes, hartes, dunkel- 
graues und feinkorniges Gestein, das von einer 2—5 mm dicken, gelb- 
braunen bis braunen Verwitterungsrinde umkrustet ist. Schon makrosko- 
pisch lassen sich in einer nicht niher diagnostizierbaren Zwischenmasse 
glainzende, bis 2,3 mm lange, graue, stengelige Kristalle erkennen. Nur 
undeutlich ist eine Paralleltextur zu beobachten, die sich dadurch 
manifestiert, dass die genannten Kristallstengel einigermassen parallel 
einer ,,Schieferungsfliche” angeordnet sind. 

Unter dem Mikroskop wurden als Hauptgemengteile cummingtonitische 
Hornblende, Quarz und_basischer Plagioklas erkannt. Die stengelige, 
farblose Hornblende (ca. 0,2 mm breit und bis 2,3 mm lang; 40 Vol.-% 
des Gesteins) bestimmten wir mit Hilfe eines Réntgenpulverdiagramms 
mit Sicherheit als Cummingtonit (siehe weiter unten). Auffallig ist die 
sehr ausgepragte Querabsonderung // (001). Mit Hilfe der Doppelvariations- 
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methode nach Emmons ermittelten wir im Pulverpriparat die folgenden 
Brechungsindizes fiir Natriumlicht: 


n, = 1,643 + 2 
= 1,652+ 1 
1, = 1,668 + 2 


Der Achsenwinkel 2 V betriigt + 76° (r < v); das Mineral ist demnach 
zweiachsig positiv, was ja als determinatives Kennzeichen fiir Cumming- 
tonit gilt. Der Winkel c/n, wurde zu 20° bestimmt. Nach Fig. 315 in 
A. N. WYINCHELL (1951) handelt es sich um einen Cummingtonit mit 
ca. 45 Mol.—% Griineritmolekiil. 

Mit ca. 30 Vol—% vertreten ist Quarz, der schwach undulés ausléscht, 
vollig xenomorph ist und buchtige Umrisse zeigt (Korngrésse um 0,3 mm). 
Er ist z.T. in schmalen Lagen angereichert. 

Ca. 25 Vol—% des Gesteins werden eingenommen von feinkérnigen 
Plagioklasaggregaten. Die Einzelkristalle erreichen Gréssen von 0,025 mm, 
besitzen manchmal polysynthetische Zwillingslamellen und_ brechen 
deutlich héher als Quarz. Es handelt sich demnach um einen recht basischen 
Plagioklas. 

Als nicht naher bestimmer Nebengemengteil kommt in geringen Mengen 
ein opakes Mineral vor. Die Struktur des Gesteins ist nemato-grano- 
blastisch. 

Das Gestein kann als Cummingtonit-Plagioklasquarzit bezeichnet 
werden. Eine Durchsicht der Literatur ergab, dass ahnliche Felsarten 
(,,Erzquarzite’) in den interessanten mittelschwedischen Sulfiderzlager- 
statten vorkommen, wo sie durch metasomatische Prozesse (Mg-Metaso- 
matose), vermutlich aus Leptiten oder Quarzamphiboliten, entstanden 
sind (P. Geiser, 1921). Aehnliche, aber nicht identische Gesteine werden 
aus Finnland beschrieben. Zu erwihnen ist vor allem die jedem Petro- 
graphen bekannte, von P. Esxoxia (1914) meisterhaft beschriebene 
Orijirvi-Region im siidwestlichen Finnland. Hier scheinen aber in erster 
Linie quarzfreie Cummingtonitamphibolite (metasomatisierte Amphibolite) 
vorzukommen. Wir iibergaben Herrn Dr 8S. Karraro (Helsinki) und 
Herrn Dr W. Larsson (Stockholm) Gesteinssplitter zu einer vergleichenden 
Untersuchung; beide Forscher bestatigten obige vergleichende Fest- 
stellungen. Wir méchten beiden Herren fiir Ihre wertvolle Mitwirkung 
herzlich danken. Als wahrscheinlichstes Herkunftsgebiet muss Mittel- 
schweden betrachtet werden; gemiss der Hinteilung von D, DE WAARD 
(1949) gehért das Geschiebe also zur Gruppe ,,Dalarne” s.l. Es sei noch 
darauf hingewiesen, dass die Gesteinsart makroskopisch leicht wieder zu 
erkennen ist, wenn man sie einmal gesehen hat. 


Bemerkung zur réntgenographischen Bestimmung der Amphibole. Jedem 
Gesteinsmikroskopiker ist bekannt, dass die nihere Bestimmung der 
Hornblenden in Diinnschliffen nicht gerade einfach ist. Insbesondere ist 


282 


oft nur schwierig zu entscheiden, ob das untersuchte Mineral zur Kupfferit- 
Cummingtonit-Griineritgruppe, oder zur Grammatit-Aktinolithreihe oder 
schliesslich zu den gemeinen Hornblenden gehort. Anlasslich der Her- 
stellung einer Vergleichssammlung von Rontgenpulveraufnahmen der 
wichtigeren gesteinsbildenden Mineralien stellten wir fest, dass die drei 
genannten Gruppen sich sehr deutlich im Pulverdiagramm unterscheiden 
lassen, wenigstens, wenn mit einer grossen Kamera (Diameter 9 cm 
oder grésser) und mit Fe-Ka Strahlung gearbeitet wird. In Fig. 1 sind 
sechs Pulveraufnahmen reproduziert. Die Cummingtonit-Griinerit-Horn- 
blenden unterscheiden sich auf den ersten Blick von allen anderen Amphi- 
bolen durch die relative Lage der drei Interferenzlinien 251, 161 und 
002, die recht weit auseinander liegen und wobei die Abstinde von 251 
nach 161 und von 161 nach 002 ungefihr gleich lang sind. In allen anderen 
monoklinen Hornblenden ist erstens der Abstand 251-002 kleiner und 
zweitens liegt 161 viel niher bei 002 als bei 251. Grammatit und Aktinolith 
unterscheiden sich von den gemeinen Hornblenden ebenfalls recht deutlich 
in Kinzelheiten des Interferenzliniensystems, wobei tibrigens auch der 
Fe-Gehalt einigermassen bestimmt werden kann. Auch fiir die Cumming- 
tonitgruppe gilt, dass der Fe-Gehalt mit recht grosser Genauigkeit dem 
Pulverdiagramm entnommen werden kann (siehe auch R. G. WayLanp, 
1936). 

Fiir zwei der in Fig. 1 reproduzierten Aufnahmen seien im nachstehenden 
noch die Réntgenperioden d fiir die drei genannten Linien sowie fiir 
310 gegeven: 


Cummingtonit (Nr. 2 in Fig. 1) 


d(310). S07 Ex 

d(251 2 0 

( 51) oe Ge ifeene 0,14 
d(161) 2,68 kX es 
dlOOR\t Ge po phe ee 


Aktinolith (Aufnahme Nr. 4 in Fig. 1) 
d(310) 3,11 kX 


d(251) 2,71 kX__. : 
d(161) 2,59 kX ene Sa. pe 
d(002) 7 Sa ee eee eee 


Er erscheint daher als sehr wiinschenswert, fiir die ganze Hornblende- 
gruppe die genauen Beziehungen zwischen chemischer Zusammensetzung 
und Interferenzliniensystem des Pulverdiagramms zu erforschen, was 
bisher noch ganz ungeniigend erfolgt ist. Die in der Literatur angegebenen 
Werte fiir die Gitterkonstanten sind fiir die meisten Hornblende- 
varietaéten noch sehr unzuverlissig. Wir méchten tibrigens noch darauf 
hinweisen, dass die recht miihsame Bestimmung der Gitterkonstanten 
fiir die naihere réntgenographische Bestimmung der Amphibole als petro- 
graphische Routinemethode keineswegs notwendig sein wird: schon die 


E. NIGGLI anv A. C. TOBI: Uber ein Cummingtonit-Quarz-Plagioklas- 
gestein als Glazialgeschiebe in Drente (Niederlande), mit einer Bemerkung 


iiber die réntgenographische Bestimmung der Amphibole. 


Linie von Quérz 
oO 


a ie ee 


330 
254 
164 
o0e 
56! 


Fig. 1. Réntgen-pulveraufnahmen von sechs Hornblenden 
(Fe-K, Strahlung, Kamera-diameter 9 cm) 


Nr. 1 Griinerit Collobriéres, Frankreich St. 24689 *) 

Nr. 2. Cummingtonit (mit etwas Quarz) 

Nr. 3. Cummingtonit aus Glazialgeschiebe (Cummingtonit-Plagioklasquarzit), 
Zijerveld, Drente (siehe diese Arbeit). Mit etwas Quarz 

Nr. 4 Aktinolith, Zillertal, Tirol 

Braune Hornblende, in Amphibolit, Belledonne-Massiv, Frankreich 

IN .6 Glaukophan, Susatal, Italien; St. 24712 *) 


# 
OH 


*) Registernummer des ,,Rijksmuseum van Geologie en Mineralogie’, Leiden. 
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Bestimmung der relativen Lage zweier oder mehrerer benachbarter 
Interferenzlinien mit verschiedenen Indizes (d.h. also die Messung relativ 
kurzer Abstinde) diirfte zum Ziele fiihren, wie dies iibrigens auch fiir 
andere niedrigsymmetrische Mischkristallarten gilt. Eine Betrachtung 
der sechs reproduzierten Rontgenaufnahmen der Fig. 1 bestitigt diese 
Annahme, da ja evident ist, dass schon eine visuelle Betrachtung die 
Cummingtonit-Griinerit-Hornblenden von den anderen monoklinen Horn- 
blenden unterscheiden lisst. Es ist noch zu erwihnen, dass die sechs 
Aufnahmen der Fig. 1 nur eine Auswahl von im Ganzen 30 Hornblende- 
pulveraufnahmen sind, die in unserem Institute hergestellt worden sind. 
Alle diese Diagramme bestiitigen den genannten Befund. 

Fiir zwei der in Fig. 1 reproduzierten R6ntgenpulveraufnahmen wurden 
die Gitterkonstanten berechnet und zwar mit Hilfe der vier Interferenzen 
310, 251, 161 und 002. Damit konnten die vier Unbekannten B, M, by und 
C) ohne weiteres berechnet werden. Da es sich aber um Interferenzen mit 
kleinem Winkel 6 handelt, diirfte die erreichte Genauigkeit nicht sehr 
gross sein. Immerhin wurde mit Sicherheit konstatiert, dass der Winkel 
6 fiir die Cummingtonitreihe um ca. 4° groésser ist als fiir Aktinolith und 
auch grésser ist als derjenige aller anderer monokliner Hornblenden. 
Ferner ist 6) in der Cummingtonitreihe wesentlich grdsser als by) von 
Aktinolith. Die gefundenen Werte stimmen recht gut mit den von 
JOHANNSON (1930) angegebenen tiberein, wobei aber zu beachten ist, 
dass dieser Autor eine andere Aufstellung gebraucht hat, so dass seine 
Werte erst umgerechnet werden miissen. Ebenso miissen alle Indizes von 
JOHANNSON auf die von uns gebrauchte Aufstellung ,,Tschermak- Miigge- 
Dana-Warren”’ transformiert werden. 


Gitterkonstanten von Cummingtonit (Nr. 2 von Fig. 1) 


(Aufstellung Tschermak-Miigge-Dana-Warren) 


Bf = 110° 30’ 
a= 9,96 kX 
by = 18,25 kX 
fj = 6,30 kX 
Gitterkonstanten von Aktinolith (Nr. 4 von Fig. 1) 
B = 106° 44’ 
dy = 10,14° bX 
by = 18,00 kX 
Cg = 6,25 bX 
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PALEONTOLOGY 


FOSSIL BONES OF A WHITE-TAILED EAGLE, HALIAEETUS 
ALBICILLA (L.) FROM THE TEGELEN CLAY 


BY 


G. C. A. JUNGE 


(Ryksmuseum van Natwurlijke Historie, Leiden) 


(Communicated by Prof. H. Boscuma at the meeting of May 30, 1953) 


Some time ago Dr C. O. vAN ReGTEREN Arena kindly placed at my 
disposal some up till now unidentified bird bones belonging to the col- 
lections of the Teyler Museum, Haarlem, and originating from the Tegelen 
Clay (cf. VAN REGTEREN ALTENA, 1951). They were found close together, 
and certainly belong to a single specimen. The bones, consisting of a right 
humerus, three fragments of a left humerus, a left ulna, and a right and 
a left femur, were excellently preserved; they could be identified as 
belonging to a Haliaeetus species. A close comparison with the bones of 
most of the recent species of the genus Haliacetus was possible because the 
Riksmuseum van Natuurlijke Historie at Leiden has an extensive col- 
lection of bird skeletons, to which could be added certain bones of 
Haliaeetus vocifer (Daud.), kindly sent on loan by Dr H. FrRiEDMany, 
United States National Museum, Washington, D. C. Special thanks are 
due to the authorities of the Zoological Survey of India, Dr 8. L. Hora and 
Dr 8S. Biswas, who collected a specimen of Haliaeetus leucoryphus (Pall.), 
and generously presented the skeleton to the Leiden Museum. Moreover, 
from the last named species a right humerus was kindly placed at my 
disposal by Dr E. N. Pavuovsx1, Director of the Zoological Institute of 
the Academy of Sciences of the U.8.8. R., Moscow. Finally I am much 
indebted to Dr N. GYLDENSTOLPE (Stockholm), Dr D. A. Hoover (Leiden), 
Dr E. Motront (Milan), and Dr 8S. ScHaus (Basel) for much useful 
information. 


Femora. As a matter of fact I cannot find any significant difference in 
form or structure between the femora of the different species of Haliaeetus 
before me. The differences that exist between the species are mainly 
differences in size; the femora of H. leucocephalus (L.) are the largest and 
the most robust, those of H. leucoryphus (Pall.) are the slenderest, and 
those of H. leucogaster (Gm.) are the smallest. There is a size difference 
not only between the species, but within the same species the bones also 
show differences in length. Though most of the skeletons that I used for 
comparison are not sexed, it is fairly certain that the size differences 
existing in the different species of Haliacetus between gg (smallest) and 
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99 (largest) are an important factor for determining this difference in size. 
Individual variation is found in the size of the foramina pneumatica, 
which can be large or small in the different femora of the same species, as 
appears in the femora of Haliacetus albicilla (L.), H. vocifer (Daud.), and 
H. leucogaster (Gm.). The measurements of various parts (Table I) were 


TABLE I 


Measurements of femora 
a, 


Transv. Transv. 
diam. ofthe | _T™828v- ee diam. 
Specimens Total length shaft ab 4 diam. at diam. at aeiities 
of its length caput fem. | distal end cap. fem. 
right | left | right | left | right | left | right | left | right} left 
Tegelen specimen . 120.3 | 120:8 | 12.3. | 12.5 | 24.7 | 24.7 | 26.6 | 26.4 9.9 | 10.0 
H. albicilla R.M.N.H. cat. b. . | 117.8 | 117.9 | 12.5 | 12.3 | 23.2 | 23.6 | 26.8 | 26.4 | 10.0 | 10.3 
cate ds . | T2160) 1211 | 12.1 | Wee 23.90 |) 2422 26-26 LOS es: 
cat. a. . | 122.9 | 122.8 | 13.5 |] 13.6 | 26.5 | 25.3 | 28.6 | 28.3 | 10.4 | 10.6 
H.leucocephalusR.M.N.H.cat.a 9| 124.7 | 125.0 | 14.1 | 14.4 | 27.3 | 27.6 | 30.6 | 30.6 | 11.7 | 11.5 
H. leucoryphus R.M.N.H. 
reg. no. 20104 g. . 108.7 | 108.3 | 10.8 | 10.9 | 20.5 | 20.3 | 23.6 | 23.7 8.7 9.0 
H. vocifer U.S.N.M. no. 291450 | 101.6 | 102.3 | 10.5 | 10.5 | 20.5 | 20.7 | 23.1 | 23.1 8.6 
291449 | 105.2 | 105.0 | 11.2 | 11.1 | 21.5 | 21.4 | 23.6 | 23.4 8.6 8.7 
Hi. leucogaster R.M.N.H. cat.b @| 99.2 | 99.4 | 11.1 | 10.9 | 22.0 | 22.3 | 22.4 8.6 8.7 
cat.a ¢| 94.0 | 94.0 | 10.2 | 10.0 | 20.3 | 20.5 | 22.2 | 21.5 8.5 8.5 


taken from the dorsal surface. The table shows that the measurements of 
the various species often have a range of variation that presents a slight 
overlap; where this occurs, however, other measurements lead to a correct 
identification of the bones. Especially the measurements of the total 
length of the femora show clear gaps between the different species. The 
measurements of the femora of the fossil specimen from Tegelen fall 
entirely within the range of variation of H. albicilla, and out of that of all 
other species compared. As a matter of fact they most closely resemble 
specimen cat. d, the foramina pneumatica only being smaller. 


Humerus. What has been said concerning the femur holds good for the 
humerus. Size differences here again are the main distinguishing points 
between the species of Haliacetus. The measurements are recorded in 
Table II, they have been taken from the medial side. The differences in 
length found within H. albicilla and H. vocifer are certainly again partly 
due to sex differences. There is a slight overlap in the total length of the 
humerus of albicilla and lewcocephalus, but as shown by the other measure- 
ments the humerus of leucocephalus is more robust. The measurements of 
vocifer and leucogaster overlap a good deal, but in the bones before me the 
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crista lateralis is slightly more extended in leuwcogaster. The material is too 
scanty to decide whether this is a specific character or merely is a result of 
individual variation. The measurements show that the humerus of the 


TABLE II 
Measurements of humeri 
Transv. ‘Transv. 
Transv. li : 
dj Fthe diam. diam. 
Specimens Total length ea below caput between 
shaft at 4 of . 
fe Takers art., tuberc. | epic. med. 
ee lat. included and lat. 


right | left | right} left | right | left | right | left 


erelenuspeewoen <1 .-6 sists css @ ». | 215.7 =| 15.0 = 39.9 = 33.4 = 
Hi adoteriie. MN. eat, bo. © 2. 1 = | 2125 (21 2e6r] 14:7 | 14.8 | 38.7) 88.4 | 33.57) 33.5 
Sacer ese es eens LOO USare Lo.45 15-525 839.5) | Soule oars |) ooae 

eat. Be 8. « - « s | 226.0) |226.0 || 15:8 | 15.7) | 41.3)| 41.7 || 35.1 | 134.6 

H. leucocephalus R.M.N.H. cat.a 2 .. . | 222.8 (222.6 | 16.5 | 16.4 | 43.7 | 43.5 | 35.9 | 35.8 
H. leucoryphus R.M.N.H. reg. no. 20104 g | 204.6 |204.3 | 12.5 | 12.7 | 34.7 | 34.5 | 29.6 | 29.7 
Zool. Inst., Moscow 9 .. | 211 — 14.7 31.8 = 

H. vocifer U.S.N.M. no. 291449 ..... — |182.3 -- 13 P53) — | 33.1 — 27.5 
it. leucogaster .M.N cat: biG. . . ~ | 185.6 1185.7 | 13:2.) 13:0: | 33.4 | 33.7 | 28.5 | 28.5 
MENT casas ene el 76.0) [L7O:40| al 2 Gale 12-5 | 0322591 9382.6 27-0 | aud 


Tegelen specimen without difficulty can be placed into the range of 
variation of H. albicilla. As in the femora the fossil humerus most closely 
corresponds with specimen cat. d of H. albicilla. 


Ulna. In this bone again size is the main distinguishing feature between 
the species. The measurements are given in Table III, here the bones were 


TABLE III 


Measurements of ulnae 


Transv. 
di Aci diam. at Transv. 
Specimens Total length sie pene prox. end diam. at 
shaft at 4 of fr : 
: rom apoph.; distal end 
its length 


glen. ext. 


right | left 
— |245.3 


244.1 |243.1 
251.5 |251.4 
261.6 |261.0 


253.5 |253.4 
240.2 |240.0 
218.5 = 
228.6 |228.2 


Tegelen specimen . 


H. albicilla R.M.N.H. cat. b 
eat. d 
cat. a. 


H. leucocephalus R.M.N.H. cat. a Q 

H. leucoryphus R.M.N.H. reg. no. 20104 3 
H. vocifer U.S.N.M. no. 291449 

H. leucogaster R.M.N.H. cat. b 2 
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measured from the medial side. There is an overlapping of the length of 
the ulna and of the thickness of the shaft between albicilla and leuco- 
cephalus, but the transverse diameter of the proximal and distal ends 
are greater in the latter. Here again it is clear that the fossil bone from the 
Tegelen specimen is best placed as belonging to H. albicilla. This fossil 
bone is nearest to the ulna of specimen cat. b. 


From what is noted above it is evident that one cannot escape the 
conclusion that the fossil bones from Tegelen belong to Haliaeetus albicilla, 
and probably are from a male specimen. The species has been found in 
different localities of the Pleistocene of Europe; LAMBREcHT (1933) has 
given a review of these localities. The majority of the bones were found in 
caves together with remains of ancient human implements. 

CHRISTIANI (1929) found a tibia in a kitchen midden near Vard@ in 
Norway. LénnBerG (1917) mentions the find of the posterior part of a 
skull, a right coracoid, the proximal part of a right scapula, a damaged 
right humerus, a left ulna, some parts of a sacrum, a damaged right femur, 
tibia and tarsometatarsus, the proximal part of the phalanx of the right 
hind toe, and a dorsal vertebra. These bones were found in the fenlands 
near Skabersj6 and were of postglacial age. Ar~io (1915) lists bones of 
this species from postglacial deposits at the beach of Lake Ladoga in 
Russia together with human remains from the stone age. 

In England the species was found in a celtic settlement near Glastonbury 
dating from shortly before the Roman occupation (ANDREWS, 1894), and 
according to Breuy (1915) it was also found in the Clevedon cave and in 
the fenlands near Burwell. 

From Belgium the species was mentioned by Dupont (1872) from the 
“trou de Chaleux” and the ‘“‘trou des Nutons” near Dinant. The fauna 
and the human implements were dated by him as belonging to the 
“reindeer age’, and at any rate are Upper Pleistocene. 

Mitne—Epwarbs (1875) could examine some bones of H. albicilla from 
the Gourdan cave (Haute—Garonne) in France. They were found together 
with remains of birds as Lagopus mutus (Montin), which were eaten by 
man. A magdalenian find is reported by Caprran, BrevuiL, BouRRINET 
and Pryrony (1906) from a cave near Teyjat (Dordogne). The authors 
mention a coracoid, a piece of a metatarsus, the distal part of a mandible, 
and a claw. The coracoid was identified by Newron, it appeared to be 
nearest in size to the African H. vocifer; LAMBRECHT (L.c.) placed it under 
H. albicilla. The species was also found in the cave du Prince, Grimaldi 
near Menton: Boux (1919) describes two fragments of a right humerus 
and publishes a photograph of these bones. This find also belongs to the 
Upper Pleistocene. 

The same can be stated concerning the find of H. albicilla in the deposits 
of the Rockshelter at Devil’s Tower, Gibraltar, mentioned by BaTE 
(1928). A left humerus of this species was also recorded from Gibraltar 
by LypDEKKER (1891). 
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NEHRING (1880) reported the species from Switzerland, where bones 
were found in a cave near Thaingen. According to LAMBRECHT (l.c.) 
H. albicilla was also reported by StupErR from the deposits from Schweizers- 
bild near Schaffhausen, and by RiitrimnyER from the ‘Pfahlbauten’’. 
I have not seen these two papers, but it is known that Schweizersbild and 
the Thaingen cave are deposits of the Upper Pleistocene. 

Two metatarsi and a phalanx were reported by RuGaura (1904) from 
the cave Romanelli (Castro, Otranto), containing deposits which are 
contemporary with the Last Glaciation (ZmuNER, 1946). Remains of 
H. albicilla were also found in the cave Arene candide near Finalmarina, 
mentioned by MorExx1 (1891). [have not seen this paper, but Dr Motront 
(Milan) kindly sent this reference to me, stating that this find belongs to 
the neolithic period. 

Fossil bones of the species were also found in Hungary and Croatia, 
these were reported upon by LamBrecut. A metatarsus and two fragments 
of an ulna were found in a cave near Alséhamor in the Borsoder Biikk 
mountains (LAMBRECHT, 1914). A fragment of a tibiotarsus, the proximal 
end of a fibula, and 7 phalanges came from a cave near Krapina in Croatia 
(LAMBRECHT, 1915). The deposits in which the bones were found belonged 
again to the Upper Pleistocene. 

The Tegelen fauna belongs to the Lower Pleistocene; its age has been 
discussed more than once; SCHREUDER (1945) equates it with a Gtnz 
Interstadial. More recently VAN DER VLERK (1953) pointed out that it is 
impossible to definitely equate the Dutch Pleistocene deposits with those 
of the alpine subdivisions of the Pleistocene; therefore, this author intro- 
duced the name Tiglian for the period of the Lower Pleistocene in which 
the Tegelen Clay was deposited. 

There is no doubt, therefore, that the bones of Haliacetus albicilla from 
Tegelen represent by far the oldest find of this species known up till now. 
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PALEONTOLOGY 


TISSOTIA DU SENONIEN INFERIEUR DU DJEBEL MAADID 
(ALGERIE) 


PAR 


C. W. DROOGER 


(Communicated by Prof. G. H. R. von Konnigswatp at the meeting of May 30, 1953) 


Sommaire — Les nombreux exemplaires de Tissotia, provenant du niveau a 
Chalmasia turonensis (Sénonien inférieur) du versant septentrional du Djebel Maadid, 
sont considérés d’appartenir & Tissotia fowrneli (BAYLE), dans laquelle on peut 
distinguer encore comme variété 7. fouwrneli (BAYLE) var. ficheuri DE GROSSOUVRE. 
La variation considérable des caractéres (forme générale, ornementation, cloisons) 
de ces ammonites rend probable que la plupart des espéces de Tissotia de 1’Afrique 
du Nord, décrites Jusqu’ici, ne sont que des variétés d’une seule espéce, qui parait 
en outre trés voisine de 7’. ewaldi (von Bucu) d’Europe. 


Parmi les gisements de Tissotia de Afrique du Nord ceux de Medjez- 
el-Foukani et de la montagne voisine, le Djebel Maadid, sont connus 
déja depuis longtemps (PERON, 1883; SAVORNIN, 1920). PERON cite de 
cette région (1897) Tissotia fourneli, T. ewaldi var. africana et T. ficheurr. 

Pendant des recherches nouvelles effectuées sur ce terrain (1947-1949) 
une cinquantaine d’exemplaires, ainsi que plusieurs fragments, du genre 
Tissotia ont été receuillis d’un seul niveau, qui doit étre rapporté au 
Sénonien inférieur. I] s’agit d’un marno-calcaire, compris entre un (ou 
quelques) banc(s) de calcaire sublithographique, gris, 4 sa base, et une 
marne verdatre au-dessus. L’ensemble ne mesure pas plus de dix métres. 

Les Tissotia sont accompagnés d’une riche faune d’invertébrés, qui 
est la plus riche dans les marnes supérieures. Dans cette faune on 
remarquera d’abord par leur abondance: Chalmasia turonensis (DvJ.) et 
Hemiaster fourneli Dusu.. La premiere de ces espéces se trouve seulement 
dans ce niveau stratigraphique de la région. On trouve parmi les huitres 
surtout celles appartenant aux groupes dOstrea boucheroni Coa., 
d’Alectryonia dichotoma (Bayun) et d’Exogyra spinosa Maru., tandis 
qu’A. semiplana (Sow.) y est plus rare. Un autre groupe d’occurrence 
abondante est constitué des Plicatules, parmi lesquelles on reconnait des 
exemplaires typiques de Plicatula ferryi Coq., P. flattersi Cog., P. ventila- 
brum Cog. et P. hirsuta Cog. Les autres bivalves y sont plus rares: 
Lima subsimplex Tu. et Pir., Avicula gravida Coq., Pholadomya africana 
Cog., Pecten tricostatus BayiLE, Arca tevesthensis Cog. (= A. maresi Coa.) 
et sa variété teutobochus Cog., Cardium pauli Cog., C. productum Sow., 
Trigonia scabra Lam. et Inoceramus cycloides WEGNER. Les gastéropodes 
sont représentés par Cerithiwm encelades Coq., C. pustuliferum (BAYLE), 
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Fasciolaria bleicheri (Tu. et Pir.), Natica bulbiformis Sow. et Voluta 
stromboides (MuN1ER-CHALMAS). Hemiaster fourneli est accompagnée de 
quelques autres échinides plus rares: Thylechinus said (PER. et GAUTH.), 
Orthopsis miliaris (D’ARCH.) et Phymosoma subasperum (PER. et GAUTH.). 
Chalmasia turonensis est le fossile que l’on trouve le plus abondamment 
dans le calcaire inférieur; les Tissotia et de grands exemplaires de 
Cerithium encelades caractérisent le marno-calcaire moyen, tandis que 
Hemiaster fourneli et les Plicatules marquent surtout les marnes 
supérieures. 

Ces couches ont des affleurements tres constants dans toute la région 
de Medjez et du Djebel Maadid. Surtout le calcaire a Chalmasia turonensis 
y constitue un trés bon niveau de repere. Sur le terrain ce calcaire est 
presque toujours visible a cause de ses caracteres plus résistants que 
ceux des couches plus marneuses qui se trouvent directement au-dessus 
et au-dessous. 

Dans le voisinage du village de Medjez les Tissotia se trouvaient étre 
trés rares. Presque tous nos exemplaires proviennent de deux localités 
du flane nord-ouest du Djebel Maadid 4 une distance de 6 km environ 
Vune de lautre: Chihat el Oudei et un endroit situé & quelques centaines 
de métres au sud de la maison forestiére d’E] Mahali (v. fig. 1). 
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Fig. 1. Gisements & Tissotia du Djebel Maadid 


La plupart de ces ammonites est trés usée sur une des deux faces de 
la coquille; ainsi les cloisons n’y sont plus clairement visibles. A premiére 
vue on peut distinguer par leur forme externe deux groupes d’exemplaires. 

Le type du premier groupe est relativement aplati & ombilic étroit 
ayant la région ventrale amincie et pourvu d’une quille saillante. La surface 
parait lisse, quoiqu’il soit possible pour quelques individus que des 
cotes rayonnantes aient disparu en majeure partie par lusure. Ce type 
se trouve surtout parmi les exemplaires les plus grands. Le deuxiéme 
groupe se compose d’exemplaires d’un type plus épais A région ventrale 
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plus ou moins tronquée, possédant une caréne distincte accompagnée 
dans les exemplaires avec des marques les plus prononcées (ce sont surtout 
les plus petits) d’une rangée de tubercules marginaux de chaque cdété 
de la caréne. Ces tubercules font partie des cétes rayonnantes et droites, 
qui se laissent suivre plus ou moins bien sur la surface vers l’ombilic 
étroit, lequel peut étre complétement fermé ou qui montre encore une 
petite partie des tours antérieurs. Les exemplaires 4 surface lisse ne 
manquent pas. L’absence des cdtes ne peut pas étre considérée comme 
due a l’usure pour tous ces exemplaires. Trés peu d’exemplaires montrent 
les cétes assez clairement pour qu’on puisse en estimer le nombre, qui 
est, en moyenne, de dix par demi-tour. Quelques-unes de ces cétes 
correspondent a de faibles tubercules prés de lombilic. 

Quoique ces deux types soient bien différents par leurs caractéres 
externes, une partie de nos exemplaires a un caractére intermédiaire. 
Les relations peuvent étre lues du diagramme (fig. 2) dans lequel sont 
donnés les rapports entre le diamétre de la coquille et l’épaisseur la plus 
grande du tour, correspondante a ce diamétre. I ressort clairement de 
ce diagramme que la distribution des points peut bien étre considérée 
comme l’expression d’une variabilité individuelle d’une seule espéce. 

De 30 exemplaires les mieux conservés des cloisons ont été dessinées (fig. 3, 
4). Lesnuméros a cété des dessins des cloisons correspondent aux échantillons 
indiqués par les mémes numéros dans le diagramme (fig. 2). Ces cloisons 
montrent distinctement les caracteres du genre T'issotia DOUVILLE, 1890. 
A partir de la caréne on remarque un lobe externe assez profond et plus 
ou moins divisé. Ensuite il y a trois selles arrondies, décroissantes de 
taille vers l’ombilic. La premiere d’entre elles seulement est toujours 
divisée par quelques lobules. Une (ou méme encore une deuxiéme) de 
ces lobules de la selle externe peut s’approfondir en divisant la selle en 
deux parties généralement inégales, la partie externe étant la plus petite. 
Les lobes entre ces trois selles sont simplement denticulés. Vers l’ombilic 
les éléments précédants peuvent étre suivis encore d’un a trois petits 
lobes et selles. 

Méme si l’on se rend compte des ages différents de nos individus, les 
dessins nous montrent une variation considérable de détails. I] n’y a 
pas deux de ces-dessins qui soient parfaitement identiques. Néanmoins 
ils ne montrent pas de différences notables, qui nous permettent de 
diviser ces ammonites en groupes distincts. 


Il parait trés difficile de donner une détermination spécifique de nos 
exemplaires de Tissotia. C’est qu’on a l’embarras du choix entre les noms 
d’espéces et de variétés proposés antérieurement par BAyLE, CoQuAND, 
PiRoN, DE GRossouvRE, Hyarr et PeRvINQUIERE pour les Tissotidés 
du Sénonien de |’Afrique du Nord. 

On considére généralement comme le caractére le plus important pour 
la détermination spécifique des Tissotidés la forme et le mode de la sub- 
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Fig. 2. Diagramme montrant les rapports entre le diamétre de la coquille (échelle 
logarithmique) et l’6paisseur du dernier tour, qui correspond & ce diamétre (échelle 
arithmétique), de 49 individus de Tssotia fowrneli (BAYLE) et ses variétés du 
versant nord-ouest du Djebel Maadid (+). Les points avec numéros correspondent 
aux exemplaires de la collection du Mineralogisch-Geologisch Instituut d’Utrecht, 
dont les cloisons ont été dessinés dans les fig. 3 et 4. 

Les dimensions des exemplaires originaux de quelques espéces sont représentées 
par: A, B, Tissotia fourneli (BAYLE); C, 7. nicaisei (Coquanp); D, 7. tissoté (BAYLE); 
HK, T. peront (Hyarr) (d’aprés Paron, 1889, pl. 15, f. 1, 2); F, G, 7. ewaldi var. 
africana PéRoN (1897, pl. 11, f. 1, 2, 5, 6); H, K, L, J. ficheuri pz GrossouvRE 
(PRON, 1889, pl. 15, f. 7 et 6, et 1897, pl. 12, f. 1, 2); M, 7. grossouvrei PHRon 
(1897, pl. 16, f. 1, 2); N, 7. thomasi PiRon (1897, pl. 16, f. 5, 6). A-D daprés PER- 

VINQUIPRE (1907), EH—-N @aprés PERON (1889 et 1897). 


a 
sagiscos nS 6b oc 


296 


27 


Fig. 3, 4. Dessins des cloisons de 30 exemplaires de Tissotia fourneli (BAYLE) et 
ses variétés du flanc nord-ouest du Djebel Maadid. Grandeur naturelle. 


division du lobe et de la selle externes. I] n’est, en effet, pas difficile de 
noter des différences entre les types des expeces décrites en ce qui concerne 
le dessin des cloisons. Mais aussitdt que les auteurs ont commencé a 
décrire plusieurs exemplaires d’une seule espece, ils ont admis une 
variation considérable de ce caractére taxonomique. Il me semble qu’il 
est extrémement difficile de se baser sur les détails les plus petits des 
cloisons, puisque ceux-ci ne varient pas seulement d’un exemplaire a 
Vautre, mais aussi avec lage de Vindividu. Il faut se rappeler ensuite 
que les cloisons commencent déja a perdre des denticulations, lorsque 
Véchantillon est encore & peine usé. PERVINQUIERE avait done raison de 
faire remarquer (p. 376): ,,Mais que vaut la présence d’une denticulation 
de plus ou de moins dans les Tissotia?’’. 

Il apparait qu’une partie des expéces décrites ne sont pas plus éloignées 
Pune de l'autre, quant a la forme des cloisons, que les divers exemplaires 
du méme niveau du versant nord-ouest du Djebel Maadid. Pour pouvoir 
comparer les dessins des cloisons de ces espéces, comme donnés par 
PERON (1897, pl. 17, 18), sont reproduits ici (fig. 5). Sans vouloir critiquer 
le travail des auteurs antérieurs je suis d’opinion qu’ils ont évalué comme 
espéces différentes des types qui ne sont probablement que des variétés 
dune seule espéce. Evidemment ces auteurs ont souvent fait des coupures 
assez arbitraires selon le matériel disponible. En se rendant compte de 
petites différences entre les localités diverses en ce qui concerne les 
dessins des cloisons, il faut admettre pour une seule espéce dans toute 
sa distribution géographique une variabilité individuelle, qui soit un peu 


plus grande encore que la variation trouvée dans les gisements du 
Djebel Maadid. 
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Puis les caractéres externes de la coquille sont généralement considérés 
importants pour la détermination spécifique. C’était déja BayLE qui a 
accepté pour sa Tissotia fourneli une variation dans laquelle sont compris 
des exemplaires A cétes rayonnantes distinctes ainsi que des exemplaires 


T. fourneli 
Tots Wiggs i) 


T. fourneli 
pliner, @ 


T. tissoti 
pe is, £2 


T. africana SERIO 
pl. 17, f. 12 


T. africana 
ples, £11 


T. grossouvrei 
pl. 18, £2 £7 


T. ficheuri 
ple tS te 


T. thomasi var. 
piss, t.216 


T. thomasi 
Die 18. fF 


Fig. 5. Dessins des cloisons d’aprés Pron, 1897, de Tissotia fourneli (pl. 17, 

f. 9, 10), T. ewaldi var. africana (pl. 17, f. 11, 12), @. ficheure (pl. 18, f. 1), 7. tessote 

(pl. 18, f. 2), 7. thomasi (pl. 18, f. 7, 16), T. grossouvrei (pl. 18, f. 17). Grandeur 
donnée par PERON. 


a surface lisse. D’aprés la littérature lépaisseur relative de la coquille 
aussi montre une variation considérable pour une seule espéce (voir p.e. 
T. ficheuri, P&RoN, 1889, pl. 15, f. 3-9). Evidemment la largeur de l’ombilic 
peut varier aussi, quoique ce soit la probablement une variation restreinte. 
On peut citer encore PERVINQUIERE, qui dit de 7’. fourneli: ,,...mais 
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cette espéce, comme tous les Tissotia, varie dans des limites trés étendues, 
aussi bien sous le rapport de I’épaisseur que de la puissance des ornements”’. 
Résumant, je suis d’opinion qu’il faut considérer le dessin des cloisons 
comme le caractére principal pour discerner les espéces dans le genre 
Tissotia. Cependant je crois qu’il faut admettre une plus grande variation 
de ce caractére pour chaque espéce. De petites différences des cloisons, 
ainsi que des différences de la forme générale de la coquille et de l’orne- 
mentation peuvent étre évaluées pour en définir des variétés. 
Admettant une telle variabilité, je n’hésite pas a rattacher tous les 
exemplaires du Djebel Maadid 4 une seule espéce, qui est T'issotia fourneli 
(BayLe). La seule difficulté pour l’analyse de 7’. fourneli est que la figure 
de la cloison, publiée par Bayue, n’est pas complete vers le bord externe. 
J’accepte alors comme dessins complets ceux de PERON (1897, pl. 17, 
f. 9, 10), comme I’a fait également PERVINQUIERE. Comme les exemplaires 
de T. fourneli de BAYLE sont assez petits, on pourrait donner aux individus 
plus renflés et de grande taille, un des noms de variété, comme p.e. var. 
tissoti ou var. africana. Puis il convient de remarquer que dans nos exem- 
plaires une division plus profonde de la selle externe a quelque rapport 
a une forme externe relativement aplatie et sans ornementation. Quoique 
ces caractéres puissent se rapporter aussi a l’Age individuel, il est utile 
de donner un nom de variété a de tels exemplaires. Ce nom doit étre 7’. 
fourneli (BAYLE) var. ficheurt DE GROSSOUVRE selon les types de Medjez 
(PERON, 1889, pl. 15, f. 3-7, 9). Il reste possible qu’en réalité il s’agit 
dans notre matériel de deux espeéces distinctes, 7’. fowrneli et T. ficheuri, 
dont les différences de forme externe, qui n’apparaissent pas du diagramme 
(fig. 2), se sont effacées par suite de déformation ultérieure des coquilles. 
Considérant la littérature j’estime que les espéces suivantes doivent 
étre rattachées également a 7’. fowrneli, quoique les noms puissent étre 
employés pour des variétés: 7. tissoti (BAYLE), 7. nicaisei (COQUAND), 
T. ewaldi (von Bucu) var. africana Pron, 7. thomasi Piron, T. 
grossouvrei PERON et 7’. peroni (Hyarr) (qui n’est basée que sur une 
erreur de dessin de PéRon; vide Cruys). Pfron lui-méme et puis PER- 
VINQUIERE doutent aussi de la valeur spécifique de quelques-unes de 
ces espéces. Cette opinion est renforcée encore par le fait que P&RoNn 
(1897) cite ces espéces en groupes, soit de Medjez-Djebel Maadid (7. 
fourneli, T. ewaldi africana, T. ficheurt), soit des Tamarins, au sud de 
Batna (7'. fourneli, T. ewaldi africana, 7’. tissoti, T'. thomasi, 7’. grossouvret). 
Je n’ai pas trouvé parmi les exemplaires du Djebel Maadid des individus 
rassemblant a 7’. djelfensis Piron, 7’. awressensis PHRON ou 7’. tunisiensis 
(Hyarr) quant a la forme des cloisons. Enfin j’estime qu’il est possible 
que 7’. fourneli de ’ Afrique du Nord ne constitue qu’une race géographique 
de 7. ewaldi (von Buc) (acceptant Videntité de 7’. ewaldi et T. robini 
(THIOLL.)), comme cela avait déja été proposé par P#RON pour une partie 
de ses ammonites (1889, 1897). Quant aux cloisons nos exemplaires 
ne different que peu de ceux connus de l’espéce européenne. Sans que 
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nous fassions une nouvelle comparaison d’un grand nombre d’exemplaires 
des deux régions, la derniére remarque ne saura pour le moment étre 
qu’une suggestion. 


Quant 4 lage du gisement a Tissotia du Djebel Maadid il n’est pas 
douteux qu il faut le rapporter au Sénonien inférieur. Des Tissotia 
trés voisins se trouvent dans le Coniacien de la France. Les indications 
de la faune accompagnante du Djebel Maadid sont assez confuses, comme 
la plupart de ces fossiles est connue seulement de |’Afrique du Nord, 
tandis que la valeur stratigraphique de presque tous les autres est douteuse 
pour une détermination de lage plus exacte. 

Quoiqu’il y ait des descriptions stratigraphiques du Sénonien de Medjez 
de PERON (1883) et de SavorNIN (1920) je ne peux pas confirmer la 
succession des niveaux fossiliféres, proposée par ces auteurs. En certains 
détails leur stratigraphie m’est incompréhensible, surtout pour ce qui 
est du Coniacien-Santonien. I] n’est pas possible de retracer la position 
géographique exacte de leurs coupes. Les nombreuses petites failles de 
la région de Medjez, qui ne sont ni figurées par P&ron, ni mentionnées 
par SAVORNIN, peuvent étre responsables des différences d’opinion. Ces 
auteurs mentionnent des Tissotia de la base du Coniacien d’un niveau 
bien inférieur au niveau d’ot is rapportent Chalmasia turonensis. Ce 
dernier niveau est mis a la base du Santonien par SAVORNIN. Contrairement 
j'ai trouvé les Tissotia et Chalmasia turonensis seulement avec les rapports 
stratigraphiques démontrés au commencement de cet article. Alors il est 
également possible qu’il faut rapporter ce niveau au Santonien dans le 
sens nord-africain. Comme d’autres ammonites manquent dans tout le 
Sénonien de la région (sauf un fragment indéterminable de Peroniceras 
dans le niveau a Tissotia) il est impossible de faire une décision suffisam- 
ment fondée. SAVORNIN mentionne encore du niveau a Chalmasia turonensis 
la présence de Mortoniceras texanum (RoxM.), qui est généralement 
considérée d’appartenir au Santonien. Je n’ai pas trouvé cette espéce. 

Il y a lieu de faire remarquer encore que le gisement a T%ssotia des 
Tamarins, au sud de Batna, est probablement du méme age que le niveau 
a Chalmasia turonensis du Djebel Maadid et de Medjez. Quant a l’associa- 
tion des Tissotia & Hemiaster fourneli, remarquée souvent par PERON 
(1897) pour les gisements des Tamarins, il convient d’ajouter que dans 
la région du Djebel Maadid-Medjez aussi cette échinide est la plus 
abondante prés du niveau a Chalmasia turonensis. Comme Hemiaster 
fourneli a été trouvée a plusieurs niveaux du Sénonien de cette région, 
je crois que cette association de Tissotia fourneli et Hemiaster fourneli 
est plutét due aux circonstances de vie favorables qu’a lage. 
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GEOPHYSICS 


PRELIMINARY NOTE ON THE FREQUENCY-DEPTH RELATION 
OF EARTHQUAKES 


BY 


EPs G. KONING 


(Communicated by Prof. F. A. Ventna Mernusz at the meeting of May 30, 1953) 


In 1938 GUTENBERG and RicHTER [1] published a list of intermediate 
and deep-focus earthquakes, which occurred during the period from 
1918 to 1932. Based upon these data Dz SirrerR [2] constructed in 1939 
a frequency-depth diagram for the Japanese deep earthquakes. 

In 1949 the work of GUTENBERG and RICHTER [3]: “Seismicity of 
the earth and associated phenomena’’ appeared, in which the above- 
mentioned list of intermediate and deep earthquakes had been extended 
over a much larger period: 1904-1946. These new data have been used 
by the author for an investigation of the distribution of the earthquakes 
in depth. 

Notwithstanding the difficulties in the identification of the deep shocks 
and the unavoidable incompleteness when cataloguing, due to the number 


—»> frequency 


—> co epth 


Fig. 1. Schematical diagram of the frequency-depth relation of earthquakes. 


and equipment of the stations, a statistical investigation of the available 
data may contribute to a general insight into the processes, which act 
down to several hundreds of kilometers. 

Since a general consideration of the data learns, that the maximum 
depth of the earthquakes as well as the depth of the gaps between the 
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intermediate and deep shocks, varies according to the regions, it is 
advisable to compile separate frequency-depth diagrams for each region 
individually. 

GuTenBEeRG and Ricwrer classify in their tables the deep earthquakes 
in three groups A, B and C, referring to the probable limits of error 
in the determination of the depth of resp. 30, 50 and 80 km. 

A provisional investigation of the frequency-depth relations of the 
deep-focus earthquakes of the three separate groups yielded for the 
various regions almost the same picture. 

The diagram suggests that at a depth of about 120 km a relative 
maximum occurs. In the regions S. America, Japan, Sunda and N. Zealand 
a relative maximum is also present at larger depth. 

Besides these two relative maxima, a relative minimum seems to 
occur at a depth of 60-80 km. The reality of this minimum and consequently 
of the first maximum should be further investigated since the depth 
of the shocks, for which 60-80 km is given in the tables is problematical 
in connection with the qualification A, B or C. 

At larger depth a second relative minimum occurs, corresponding with 
the gap between the intermediate and deep earthquakes. 


Amsterdam, Geological Institute of the University 
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CHEMISTRY 


BINDING OF THE OPPOSITELY CHARGED SALT IONS TO THE 
SOAP IONS IN THE FORMATION OF ELASTIC SYSTEMS AND IN 
COACERVATES. I 


(EXPERIMENTS WITH CETYLTRIMETHYLAMMONIUM BROMIDE) 
BY 


H. G. BUNGENBERG DE JONG anp A. RECOURT 


(Communicated at the meeting of June 27, 1953) 


1. Introduction, materials and working temperatures 


In connection with the studies on lipid-protein associations the question 
arose whether it was possible to obtain coacervates from the cationic 
soap cetyltrimethylammonium bromide with salts. The answer to this 
question is given in section 2. 

It was very interesting to note that some of the salts bring about 
coacervation at very low concentrations (e.g. KCNS). 

At still lower concentrations, elastic-viscous systems are formed. This 
is a very favourable circumstance as this offers an opportunity to gain 
a deeper insight by means of a special method into the interactions 
between soap and salt. 

It is believed that the results acquired with this method have a wider 
importance than for cetyltrimethylammonium bromide + KCNS alone. 
For this reason the title of the present investigation bears a more general 
wording. 

In the majority of the experiments the commercial preparation called Cetavlon 
was used, which according to the manufacturers contains at least 80 % trimethyl- 
(long-chain alkyl) ammonium bromides calculated as cetyltrimethylammonium 
bromide. By means of a Kye~pAunt nitrogen determination we found 80.2 %. 

The experiments with KCNS and NaNO, had to be performed at 30° to prevent 
crystallisation of cetyltrimethylammonium thiocyanate or -nitrate. The experiments 
with KJ had to be performed at 61° for the same reason. 

Some of the experiments have been done with purified Cetavlon (recrystallisation 
with acetone containing small amounts of water). 

The purity did not improve very much, as we found by means of a KJELDAHL 
nitrogen determination a content of 84.6 % of cetyltrimethylammonium bromide. 
With this preparation and with KCNS the working temperature had to be increased 
to 40°. 


2. Which salts bring about coacervation of Cetavlon? 
No coacervation of Cetavlon solutions in water could be obtained 
with salts such as KBr, KCl, NaCl and Na,SQ,. 
In search of a suitable salt to obtain coacervation, we were guided 
20 Series B 
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by the rules which apply to the coacervation of anionic soaps. Elsewhere 
we drew attention to the fact that the cation sequence for the salt 
concentration needed to obtain coacervation of oleate and the cation 
sequence for the salt concentration to obtain coacervation of T-pol (a 
mixture of alkylsulfates) are just the reverse ’). 

Further it was emphasized that these two sequences correspond to 
the reversal of charge sequences of carboxyl soaps and of macromolecular 
coloids carrying a sulfate group *). 

In these cases, both for the coacervation and the reversal of charge, 
the cation sequence is the same. Written as a series in which the affinity 
decreases from left to right, we thus have: 


Li>Na>K .... for carboxyl soaps (e.g. oleate) 
K >Na>Li .... for sulfate soaps (e.g. T-pol). 


This is a strong indication that an important factor in the coacervation 
of an anionic soap, is the fixation of the cation of the added salt to the 
negatively charged group of the soap. This leads to the preliminary 
hypothesis that the coacervation of cationic soaps is attributable to the 
fixation of the anion of the added salt to the positively charged group 
of the soap. It then follows from this that in search of the salt which 
will bring about coacervation of Cetavlon solutions, we must be guided 
by the affinity series of anions for the positively charged colloids: 


CNS = Js NOR, Broes Oly). 


As it is known, that with salts like NaCl or KCl no coacervation occurs, 
K or Na salts with anions more to the left in the above series were tested. 

With KBr we had no success. With KNO, at 40° C, no coacervation 
occurred but in the presence of solid KNO, at much higher temperature, 
coacervation was obtained. The coacervate disappeared after cooling to 
40° C and was accompanied by crystallisation of KNO,. The solubility 
of KNO, at 40° C is obviously too low. Using the better soluble NaNOg, 
coacervation could be obtained at 30° and 40° at very high concentrations 
(between 3 and 4 moles/1). 

From the above mentioned affinity series of the anions, it may be 
expected that with KJ and KCNS, coacervation of Cetavlon will be possible. 
Further it may be anticipated that the concentrations of these salts 
needed for coacervation will be smaller in the sequence from the left 
to the right: NO, > J > CNS. 


1) H. G. BuNncENBERG DE Jona and C, Matiex, these Proceedings, Series B, 
55, 360 (1952). 

*) H. G. BuncEnBERG DE Jone, in H. R. Kruyt, Colloid Science, Vol. cD: 
carboxyl soaps p. 292, sulfate colloids p, 285 (Elsevier Publ. Comp., Amsterdam, 
1949). 

8) H. G. BUNGENBERG DE Jona, in H. R. Kruyrt, Colloid Seience, Vol. II, 
p. 299 (Elsevier Publ. Comp., Amsterdam, 1949), 
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This was readily confirmed: coacervation was obtainable at con- 
centrations in the earlier mentioned sequence. 

For the further investigation of the coacervation of Cetavlon and of 
elastic-viscous systems, which are obtained at lower salt concentration, 
KCNS was mainly used. 


Apart from the anions NO,, J and CNS, other anions have been found which 
can bring about coacervation of Cetavlon. 

They comprise the so called alkaloid-reagents (e.g. perchlorate and picrate) and 
some acid dyes (e.g. Orange II and indigocarmin). 

All these are anions of which it is known, that they have a considerable affinity 
to large positively charged ions (which is shown for instance by the precipitation 
of alkaloid salts and precipitation or coacervation of positively charged proteins). 
This supports the hypothesis that in the coacervation of Cetavlon the fixation of 
anions to the soap cation plays a prominent réle. 


3. Characterization of the phenomena which occur by gradually increasing 
the KONS concentration in a dilute Cetavlon solution 


A 1% solution of Cetavlon has at 30° a viscosity which does not differ 
appreciably from that of water of the same temperature. When, however, 
the KCNS concentration is gradually increased we are able to distinguish 
four ranges of KCNS concentrations in which the system has different 
characteristic properties (compare fig. 1). These are: 

I. Non-elastic solutions, in which the viscosity does not appreciably 
alter on addition of KCNS. 

Il. Dynamic-elastic systems, in which the viscosity has become 
distinctly greater than in region I, and which show immediately after 
shaking elastic properties. When the testtube, containing such a system, 


Al uae im Ww 
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non elastic dyn. stat elastic coacervated systems 


& 10 i 20 25 30 a5 40 45 
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Fig. 1. Scheme showing the four ranges of the KNCS concentrations in which 
a 1 % Cetavlon system at 40° has markedly different properties. I non-elastic-, 
II dynamic-elastic-, ITI static-elastic-, IV coacervated systems. The curves in 
the regions III and IV represent the change in the number of turning points (”) 
and of the volume of the coacervate (V) at increase of the KCNS concentration. 
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is left at rest after shaking, the elastic properties disappear in a few 
minutes (no turning points can be observed any longer). 

III. Static-elastic systems, in which the viscosity is much higher than 
in region II, and the elastic properties remain after shaking. These 
systems belong to the same class as the elastic-viscous oleate systems 
which have been studied in detail by BuncENBERG DE JoNG and 
co-workers *). 

The difference with the corresponding oleate systems is only a quantita- 
tive one, namely, the Cetavlon systems appear to have a much larger 
damping. The number of turning points which can be observed in the 
testtube with the naked eye is maximally 5 to 6, whereas with fairly 
pure oleate a much larger number of turning points can be observed. 

At increase of the KCNS concentration, the number of turning points 
increases, reaches a maximum and then diminishes markedly before 
coacervation sets in. 

IV. Coacervated systems. At a certain KCNS concentration, a separation 
into two distinct liquid layers sets in. 

In the same way as in the coacervation of carboxyl soaps and sulfate 
soaps, the volume of the coacervate layer is at first appearance of the 
coacervation practically equal to the total volume of the system. Further 
increase of the KCNS concentration diminishes the coacervate volume 
rapidly at first and then more slowly. With respect to the boundaries 
between the above mentioned regions, it is pointed out that only the 
coacervation limit (between III and IV) can be determined rather 
accurately. The two other limits are rather ill-defined. 

These changes in the nature of the soap systems, which occur as the 
result of an increase of the KCNS concentration, are just the same as 
those seen in oleate systems with increasing KCl concentration >). The 
only difference is that the KCNS concentrations needed here are much 
lower. 


4. Method for determining the binding of salt anions to the cationic soap 
at the coacervation limit 

In section 3 we have given the hypothesis that the binding of the 
oppositely charged ion to the soap ion plays an important réle in the 
coacervation of soap solutions. 

The experiments in the following sections have the aim to verify this 
hypothesis and to study some factors which influence this binding. 

The method consists of the determination of the percentual coacervate 
volume as a function of the salt concentration at different soap concentra- 
tions. When a binding as mentioned above takes place, we must expect 


4 1 5 
) H. G. Buncensere pr Jone, et al., these Proceedings. See series: Elastic- 
viscous oleate systems containing KCl (1948-1951). 
5 . : : ; 
) The existence of region II has probably been overlooked in oleate systems. 
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that y, the salt concentration needed for coacervation, is a linear function 
of the soap concentration w of the form y = ax + b. 

From the y-values at different values of x we are able to calculate 
the two quantities a and b which characterize the binding of the oppositely 
charged ion to the saop. The value 6 corresponds to an equilibrium 
concentration of the salt and a indicates the amount of salt ions bound 
to the soap. This method can be applied only in cases in which the salt 
concentration needed for coacervation is relatively low, as is the case 
in the coacervation of Cetavlon with KJ and with KCNS at still lower 
salt concentrations. 

It is deprived of any purpose to apply this method to the coacervation 
with salts of acidic soaps (carboxyl- and sulfate soaps) studied hitherto 
by us, or to the coacervation of Cetavlon with NaNO. In the latter cases, 
the salt concentrations needed for coacervation are much too high. The 
expected increase of y with increase of 2 is then of the same order of 
magnitude as the experimental error of the determination of y. 


To illustrate this let us consider the coacervation of K-oleate with KCl. The 
KCl concentration needed is about 1.5 moles/1. A 1% oleate solution contains 
33 millimoles/1 oleate. It is obvious that the maximal value of @ in the equation 
y = ax + b must correspond to the fixation of one K-ion to each oleate ion. On 
the assumption that at the coacervation limit a has attained its maximal value 
already, the equation takes the form y =a + b. 

In the case of the coacervation of oleate with KCl, the increase of y would only 
be 0.033 moles/1 with an increase of x from 1 to 2 %. This would mean an increase 
of y from 1.500 to 1.533 moles/1, i.e. 2 % of the absolute value of y. Since the 
percentual error in the determination of the concentration at which the coacervation 
occurs is 1 to 2 % as well, no significance may be attached to the observation. 

The same applies to the coacervation of Cetavlon with NaNO,. A 1 % Cetavlon 
solution (80.2 % purity) contains 22 millimoles/1 cetyltrimethylammonium bromide. 
The concentration of NaNO, needed for coacervation for a 1 % Cetavlon solution 
at 40° is about 3.7 moles/1. Assuming once more that at the coacervation limit 
a has already reached its maximal value, the increase of y with increase of # from 
1 to 2 % will be 0.022 moles/1 only, hence 3.700 to 3.722 moles/1 NaNO;. The 
increase of y in this case is about 0.5 % of the original value of y only. With the 
usual experimental error of 1 to 2 % in the determination of y, there will be of 
course no question at all of applying the above method to the coacervation of 
Cetavlon with NaNO,. 


Though the principle of the above described method is relatively 
simple, the question arises how to apply it to the experimental data. 

This was done in the following way. 

Graphs are made in which for a number of soap concentrations the 
coacervate volumes are plotted against the salt concentration (compare 
e.g. fig. 2, in which three such graphs have been given). 

Now we must read off from such a graph the salt concentrations at 
which the coacervated systems of different total Cetavlon concentrations 
are comparable to each other. 

At first sight one would be inclined to read off the salt concentrations 
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at which a certain percentual coacervate volume is reached, e.g. a 
coacervate volume of 50 % °). 

This is, however, not right, as will be discussed below. 

We know from earlier experiments ’) with oleate, that practically all 
soap accumulates in the coacervate layer. When 1, 2, and 3% soap 
solutions have been brought to coacervation, such that the coacervate 
volumes are in each case 50 % of the total volume of the system, the 
coacervate layer will contain approximately 2, 4 and 6 % soap respectively. 

The coacervates are therefore not strictly comparable. 

From this it follows that we must read off the salt concentrations at 
which the oleate concentrations in the coacervates are equal. This will 
be the case when we read off the salt concentrations for the different 
soap concentrations at a coacervate volume of 25, 50 and 75 % respectively. 
The soap concentrations in the three coacervate layers are now equal (4 %). 

Of course also other coacervate volumes may be chosen, e.g. 12.5, 25 
and 37.5 %, in which case the three coacervates have all three a soap 
concentration of 8 %. 


5. Coacervation of Cetavlon solutions of different concentrations with 
KCNS, KJ and NaNO, 


For the experiments to be described in this section the unpurified 
preparation of Cetavlon was used. 
The formulae for the preparation of the mixtures were as follows: 
p ml KCNS + (5—p) ml H,O + 5 ml Cetavlon g % 
p ml KJ + (5—p) ml H,O + 5 ml Cetavlon gq % 
p ml NaNO, + (5—p) ml H,O + 5 ml Cetavlon ¢ % 
In these formulae KCNS, KJ and NaNO, represent solutions of known 
concentrations. For each salt three series of mixtures were made in 
which q has a different but constant value. The values of p were increased 


step by step (microburette) in the neighbourhood of the salt concentration 
where coacervation occurs. 


The working temperature was 40° for KCNS and NaNO, and 61° 
for KJ (see Introduction). 


°) Instead of reading off the salt concentration at 50% coacervate volume, 
one might read off the salt concentration of the coacervation limit, i.e. at 100 % 
coacervate volume. Owing to the fact that the coacervate volume curve drops 
nearly vertically from the coacervation limit, it is diffieult to get a sufficient number 
of experimental points on the upper end of this eurve. An extra inconvenience is 
that the complete separation into two layers is a very slow process when the coacervate 
volume is larger than about 80-90%. Mostly the separation is still incomplete 
after standing overnight in the thermostate. Apart from these experimental in- 
conveniences, the determination of the coacervation limits themselves for comparing 
soap systems of different soap concentrations is not allowed. For this the same 
objections apply as are discussed in the text with regard to the case of 50 % 
coacervate volume. 


‘eH ee boon, i. Cy Lxexnamsend Cos. VOGELSANG, these Proceedings, 
52, 1006 (1949). 
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The mixtures were prepared in rubber stoppered testtubes, which 
after shaking were left overnight in the thermostate. The next morning 
the coacervate volumes were read off and the latter expressed in per cents 
of the total volume of the mixture. 


\ 
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\ \ 
\ \ 


50 100 150 200 250 


NaNO; 


~ moles/| 


20 


Oe 3 Sy 34 36 3,8 4 42 44 46 48 


Fig. 2. Coacervate volume curves at different Cetavlon concentrations. 
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Figure 2 gives for each salt the coacervate volume as a function of 
the salt concentration at three different soap concentrations. In the next 
section it will be pointed out that the comparison at a constant coacervate 
volume leads to wrong conclusions, whereas the comparison at coacervate 
volumes adapted to equal soap concentrations gives quite plausible results. 


6. Refutable conclusions concerning the binding of anions, on reading off 
the salt concentration of constant coacervate volume 


In Table I, column 2, the salt concentrations corresponding to a 
coacervate volume of 50 % for KCNS, KJ and NaNO, have been given 
(salt concentrations corresponding to the intersection points of the 
coacervate volume curves in figure 2 with a horizontal line drawn at a 
coacervate volume of 50 %). 


TABLE I 


Comparison of the coacervation with KCNS, KJ and NaNOsg, at the salt concen- 
trations at which the coacervate volume is 50% of the total volume 


© salt conc. % fixation of anions 
at 50% to the soa 
salt eCetavion | one) vol. q b P 
100 ml | millimoles/1 100.a/22 
32.0 
KCNS 1.5 39.6 16.6 15.2 15 
3 48.6 
1 89 
KJ 2 120 26.4 64.6 120 (?) 
4 169 | 
0.667 3130 
NaNO, deo 3450 335 2950 1523 (7?) 
2.667 3820 


In figure 3 the salt concentrations of column 2 have been plotted 
against the soap concentration. The straight lines drawn in this figure 
are the best fitting straight lines calculated by a statistical method. 
The constants a and b have been given in the columns 4 and 5 of 
Table I. 

At first it seems that there is found a confirmation of the hypothesis 
that the binding of anions to the cationic soap plays a decisive réle in 
coacervation. The following points support this: 

1. the experimental points for each salt correspond to the function 
y = ax + b, in which the constants a and b are both positive (compare 
section 4). 

2. the parts 6 cut off from the ordinate-axis increase in the order 
CNS—J—NOs;, which corresponds to the fact that the sequence of 
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affinity of these anions for positively charged groups decreases from left 
to right: CNS—J—NO, (compare section 2). 


2001 m.mol/| 


150 


100 


sO 


3 Z 
g Cetavlon/100ml 


3 é 
g Cetavion/ 100ml 


A B 


Fig. 3. Concentrations of KCNS, KJ and NaNO, needed to reach a relative 
coacervate volume of 50 %. The dotted straight lines indicate the binding of one 
anion to one soap cation. 


On closer inspection of the values of a in Table I we must however 
conclude that two of them are in contradiction to the hypothesis. 

Our preparation contains 80.2 % of cetyltrimethylammonium bromide 
(molecular weight 364). Hence a 1% solution of Cetavlon contains: 
(80.2/100) (10/364) = 0.022 moles/1 or 22 millimoles/1. 

The values of a in the Table are also given in millimoles/1. 

Thus a/22 represents the number of CNS, J or NO, anions bound to 
one soap cation. In column 6 the hundredfold values of a/22 have been 
given. Now this value should not or hardly exeed 100 %, as more fixation 
than one monovalent anion to one monovalent soap cation is not well 
conceivable. 

No objections can be raised against the value of 75 % in the case 
of CNS. The value of 120 % in the case of J is suspect, and the value 
of 1523 % for NO, is quite absurd as this would mean that approximately 
15 monovalent ions are attached to each monovalent soap cation. 

We must conclude that the assumption is not tenable that coacervates 
in which the soap concentrations are different, are in comparable state 
at constant percentual coacervate volume, here taken as 50 % of the total 
volume. 

The same conclusion was drawn by argument in section 4. 
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7. Binding of CNS, J and NO, to the cetyltrimethylammonium bromide 
in the region of coacervation 

From the argument in section 4 follows that one should read off the 
salt concentration at coacervate volumes of constant soap concentration ®). 

In reading off the salt concentration from the coacervate volume — salt 
concentration — graphs of figure 2, we will make our choice so, that 
all coacervate volume curves in figure 2 can be used. 

This is the case when we compare at a coacervate volume of C x 24% 
in which C is the soap concentration in grams/100 ml in the total soap 
system. 


TABLE II 


Comparison of the coacervation with KCNS, KJ and NaNO,, using the salt 


concentrations at coacervate volumes adapted to the soap concentration 
Nee ee eee 


. comparable | salt conc. 7ofixation of anions 
salt | » Cetavlon | coac. vol. j|atC x 24%) 4 b tO abe bose 
00a eee 24% | millimoles/1 100.a/22 
1 24 34.0 
KCNS 1.5 36 40.5 15.0 18.7 68 
2 48 49.0 
1 24 103 
KJ 2 48 121 15.9 88.1 72 
4 96 151 
0.667 16 3640 
NaNO, 1.333 32 3730 (1) 13680 (5) 
2.667 64 3660 


In Table IT the Cetavlon concentrations in the mixtures have been 
given in column 2, the comparable coacervate volumes in column 3 and 
the salt concentrations at these comparable coacervate volumes in column 4. 
When the latter are plotted against the soap concentration we obtain 
figure 4. 

In this figure the best fitting straight lines have been drawn. The 
calculated values of 6 (part cut off from the ordinate-axis) and of a (slope 
of the curve) have been given in the columns 5 and 6. It appears that 
the values of b are very different and increase from left to right in the 
sequence CNS—J—NO,. 

The slopes a of the lines for KCNS and KJ are nearly equal. The difference 
between the two slopes is not significant. 


8) This is supported by the fact that the nearly horizontal branches of the 
coacervate volume curves at sufficiently high salt concentrations lie at ordinate 
values which are approximately proportional to the soap concentration. Compare 
Fig. 2, lower graph. 
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The value of the slope of the best fitting straight line for NaNO, has 
no significance at all, because of the very large values of column 4. 


200, m.mol/| 000) m.mol/| 
NaNO; 


100 


3 4 3 4 
gq Cetavlon/100 m! J Cetavion/1o0ml 


A B 


Fig. 4. Concentrations of KCNS, KJ and NaNO, at coacervate volumes adapted 
to the soap concentration (C x 40 %). 


A straight line drawn with the same slope as found for KCNS and 
KJ, will equally well fit the experimental points. 

This confirms the argument of section 4: the method used can be 
applied with success when the salt concentrations needed for coacervation 
are sufficiently low (e.g. KJ and KCNS), but not with salts which bring 
about coacervation at very high concentration (e.g. NaNO,). In the latter 
case the expected increase of y with increasing x will not exceed the 
experimental error. 

We now turn to the values 100.a/22 in the last column of Table IT. 
They represent the fixation of anions to the soap in per cents of the 
maximal value (one salt ion to one soap cation). 

They all lie below 100%, to which no fundamental objection can 
be raised (the value of 5 % for NaNO, which follows from a = 1 has 
of course no significance at all). 

Summarizing the above, we may say that in using the method in 
which the salt concentrations are taken at comparable coacervate volumes, 
quite acceptable and simple results are obtained: 

1. The experimental points lie for each salt close to a straight line 
of the form y = ax + 6, in which the constants a and 6 are both positive. 

2. The parts 6 cut off from the ordinate-axes increase in the order 
CNS—J—NO, (as is to be expected from the sequence of affinity of 
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these anions for positively charged groups, which decreases in the order: 
CNS—J—NO,; compare section 2). 

3. The slopes a are nearly equal for KCNS and KJ (the value of the 
slope for NaNO, remains unknown, but cannot be much different from 
the one for KCNS and KJ). The slopes correspond in the coacervated 
systems to a binding of about 70 % of the cetyltrimethylammonium 
cations to salt anions. 

The above points confirm the hypothesis that a fixation of anions to 
the soap cations plays a decisive rdle in coacervation. 

An interesting result is the equality of binding of different anions 
mentioned sub 3. It shows that for coacervation a certain percentage 
of occupation of the ionized polar heads of the soap molecules by anions 
is required, irrespective of the nature of the anions fixed to the soap. 

The specific differences of the anions find expression in the equilibrium 
concentrations b, which are different for CNS, J and NO. 

As the sequence CNS—J—NO, corresponds to the affinity series of 
anions for positively charged groups, it seems very probable that the 
above will also apply mutatis mutandis to the coacervation of acidic 
soaps. This is elucidated by the fact that the cation sequences for coacerva- 
tion of carboxyl soaps and sulfate soaps also correspond to the affinity 
series of the cations for carboxyl soaps and sulfate colloids respectively 
(compare section 2). The method used here for studying the binding of 
anions to the soap will not be successfull in these cases, as the salt con- 
centrations needed for coacervation are in general much too high. 


(to be continued) 


CHEMISTRY 


BINDING OF THE OPPOSITELY CHARGED SALT IONS TO THE 
SOAP IONS IN THE FORMATION OF ELASTIC SYSTEMS AND IN 
COACERVATES. II 


(EXPERIMENTS WITH CETYLTRIMETHYLAMMONIUM BROMIDE) 
BY 


H. G. BUNGENBERG DE JONG anp A. RECOURT 


(Communicated at the meeting of June 27, 1953) 


8. Further experiments on the binding of CNS in coacervated systems as 
well as at the limits of different regions of elasticity 
For the experiments to be described below a purified preparation of 
Cetavlon was used (84.6 % purity; compare Introduction) apart from 
the original preparation (80.2 9% purity). The purification was carried 
out by recrystallisation. 
The KCNS concentrations needed to reach: 


a. the limit between non-elastic and dynamic-elastic systems, 

b. the limit between dynamic-elastic and static-elastic systems, 

c. two or three coacervate volumes adapted to the soap concentration 
in the coacervate, 


have been determined as a function of the soap concentration. 

For the series A and B the working temperature was 30° and the 
original Cetavlon preparation was used; for the series C%) and D the 
working temperature was 40° and the original Cetavlon preparation was 
used; for the series E, F and G the working temperature was 40° and the 
purified Cetavlon was used. 

The coacervate volumes at which the KCNS concentrations were read 
off, were C x 40 % and C x 24 % for the series A, B. C, and D and 
Cx 80%,'C x 60 % and C x 40% for the series HE, F and G. 

A new element in these experiments is the determination of the above 
mentioned elastic limits. In the survey of section 3 it has already been 
pointed out that these limits are not very sharp. Therefore, as the limit 
between the non-elastic and the dynamic-elastic systems was taken the 
mean of two successive KCNS concentrations (which increase in each 
series by small steps, e.g. 1 or 2 millimoles/1 at a time), the first of which 
shows no elastic properties after shaking and the next does show elastic 
properties immediately after shaking. 

9) Series C is the same as the one used for the comparison of KCNS, KJ and 


NaNO, in the preceding sections. Elastic limits have not been determined in 
this series. 
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Likewise as the limit between dynamic-elastic and static-elastic systems 
was taken the mean of two successive KCNS concentrations, namely, 
the one in which elasticity is observed after shaking only and the other 
in which elasticity can be observed as a static phenomenon even after 
small rotational impulses. 

It appears that the determination of this limit can be done equally 
well by pulling out a glass rod immersed in the system. 

A thread, attached to the rod, being pulled out indicates static elasticity. 

The possible error in the determination of both limits may be estimated 
to be at least 0.5 millimol/1, but not to exceed 1 millimol/1. 

In the estimation of the KCNS concentrations needed to reach the 
chosen coacervate volumes (in each case adapted to the soap concentration), 
the error is of the same order of magnitude. 

This is partly due to experimental errors and partly to errors inherent 
in reading off the graphs which represent the coacervate volume as a 
function of the salt concentration. The KCNS concentrations for the 
different criteria have been given in Table III (original Cetavlon prepara- 
tion) and in Table IV (purified Cetavlon). 

When these KCNS concentrations are plotted against the soap con- 
centration we obtain similar results in all series. As an example the 
results of series D have been represented in figure 5. This figure shows that: 


TABLE III 
KCNS concentrations needed to reach the limits between non-elastic, dynamic- 
elastic and static-elastic systems and to obtain coacervate volumes of C x 40 % 
and C x 24 % (at 30° and at 40° and at different Cetavlon concentrations) 


C KCNS concentrations in millimoles/1 at: 
temp. | series tate 
g Cetavlon mit 2OD-C!/ ty dyn-el/! coac. vol. coac. vol. 
100 ml dyn-el. ' stat-el.| =C x 40% | =C x 24% 
a im a ae ae ere | a 
0.25 3.8 6.3 15.9 E70 
A 0.50 6.3 8.8 19.2 20.4 
0.75 8.8 11.3 23.0 24.4 
1.00 11.3 13.8 26.5 28.5 
30° 
0.25 3 6 15.8 Lio 
B 0.50 5 9 19.6 21.1 
0.75 8 ml 22.8 24.4 
1.00 10.5 13.5 27.9 28.5 
1.00 _ = 32.7 34.0 
C 1.50 — -- 39.2 40.5 
2.00 _ a 47.9 48.7 
40° 
0.25 8.4 11.4 21.1 23.5 
D 0.50 10.4 13.4 24.6 25.5 
0.75 12.9 15.3 28.7 29.8 
1.00 15.3 18.3 32.7 34.3 


FT | 
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TABLE IV 


KCNS concentrations needed to reach the limits between non-elastic, dynamic- 
elastic and static-elastic systems and to obtain a coacervate volume of C x 80 %, 
C x 60 % and C x 40 % (at 40°, using purified Cetavlon) 


C | KCNS concentration in millimoles/1 at: 


Series | > Cetavlon ve 
limit non-el/ limit dyn-el/| coac. vol. coac. vol. | coac. vol, 
100 ml dyn-el. stat-el.| = C x 80%|=C x 60%] =C x 409 
6 0 x 40% 
0.25 — _ 22.0 22.6 23.4 
E 0.50 — _ 26.9 27.6 28.6 
0.75 _ _ 31.5 32.5 33.5 
1.00 — — 36.4 37.4 38.5 
0.25 3.6 9.8 22.3 22.9 23.7 
F 0.50 6.7 11.8  Pifist| 27.7 28.7 
0.75 9.8 14.9 31.5 32.3 33.5 
1.00 11.8 16.9 36.0 36.7 Sie 
0.25 3.4 9.3 22.2 22.8 24.1 
G 0.50 6.4 12.2 26.6 rar esl 29.0 
0.75 9.3 15.2 31.2 PAY) 33.0 
; 1.00 12.2 Vel 35.8 36.5 37.9 


30 


20 


g Cetavion/100 ml 


,5 1 


Fig. 5. KCNS concentrations needed to reach the different criteria, The upper 

straight lines correspond to coacervate volumes (adapted to the soap concentration) 

of C x 24% (upper line) and C x 40% (lower line). The lower dotted lines 

correspond to the two elastic limits. Results of series D, 40°, original Cetavlon 
preparation. 
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a. the experimental points belonging to a certain criterion lie close to 
a straight line of the type y = aa + 6, in which a and 6 are both 
positive ; 

b. the lower of these lines (those corresponding to the elastic limits) 
have nearly the same slope; 

c. the upper straight lines (which correspond to the chosen adapted 
coacervate volumes) have a much larger slope. In this case too the 
mutual difference in the slope is but slight. 


On behalf of the further discussion of the results we have, for each 
criterion and in each series, calculated the constants a and 6 of the best 
fitting straight lines through the experimentally determined points. These 
constants are given in the columns 3, 4, 7 and 8 of Table V (original 
Cetavlon preparation at 30° and 40° respectively) and in the columns 3 
and 4 of Table VI (purified Cetavlon preparation, 40°). 


TABLE V 
The binding of CNS- to Cetavlon at 30° and at 40°, calculated from the values a and b of the function 
y =ax +b 
30° | 40° 
CNS~ bound CNS~- bound 
2 in % of its || | in % of its 
criterion & a d maximal |) a b maximal 
a value S value 
(= 100.a/22) | | (= 100.a/22) 
non-el/ || A | 10 ee Se 45 5 Cc - — : 
seach (GI) | ae (£2 |p] 93 5.8 a 
| 
dyn-el/ || A | 10 ee 3.8 eres et Ci = m= 
stat-el. |B] 9.8/ 9.9] 38) 38) “= Dp} 90 | 90 41 (+ 2) 
coac. vol. || A | 14.2 eye 12.3 aoe ee C | 15.2 \ mean] 17.1 ) mean | . 
—Cx 40%// B| 15.8) 15.0 | 11.6/ 12.0 - D| 15.6) 15.4 | 17 | 171 | eee 
| 
coac. vol. A| 15.4 | mean | 13.0 mean 70 1 C | 15.0 ) mean| 18.7 ) mean | 
=Cx 24%||B}151/ 15.3 {134/132| ‘=! |lpliazsiag ot} 465) eee 


From the means of the values of a was caleulated the amount of CNS 
ions bound to the cetyltrimethylammoinum cations in percents of the 
maximal value. In the columns 5 and 9 of Table V and in column 5 of 

10 ae aes : 
Table VI 7°) these values are given rounded off to whole numbers. The 
mean errors of these values rounded off to whole numbers too have been 


10) In Table V the degree of occupation of the soap with CNS ions has been 
calculated by application of the formula of section 6, viz. 100.a/22. In Table VI 
the formula 100.a/23.2 has been used as the purity of the recrystallized Cetavlon 
preparation was found to be 84.6 % (see Introduction); hence a solution of 1 g/100 ml 
has a concentration of 23.2 millimoles/1, 
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TABLE VI 


The binding of CNS~ to purified Cetavlon at 40°, calculated from the values a 
and 6 of the function y = aw + b 


CNS~ bound 
in % of the 
criterion series a b maximal 
value 
(100.a/23.2) 
E = = 
limit non-el/dyn-el.. . F Die mean iL mean 49 + 1 
G Lee 11.4 0.5 0.8 
E 
limit dyn-el/stat-el. F 9.8 ) mean| 7.3 ) mean 44492 
re 1 10,6 9 10.28 6.95" 7.1 
E 19.1 Se 17.3 
coac. vol. (=C x 80%). F | 18.2 its 17.8 Bares 80 +1 
G 18.2 5 17.6 i 
E ier ok Ue7 
coac. vol. (=C x 60%). . | ee cere ee Beis 81 +2 
G 18.4 ; 1isi51! ; 
E 20.1 | nah 18.5 
coac. vol. (= C x 40%). et Ges era abe Re 82 +2 
G | 18.2 ( Mi 107 ; 


added. They follow from the mean error of the mean of the values a 4). 
It appears that as a rule the uncertainty is about one to two units, in 
a single case even four units. 


9. Influence of the temperature on the binding of CNS~ to the soap 


From Table V it is obvious that the mean values of b for one single 
criterion, obtained from experiments at 30° and 40°, increase very 
markedly with increasing temperature. The values of a or those representing 
the CNS~ bound to the soap (columns 5 and 9), do not show such a 
marked change with temperature. 

They are either equal within the experimental errors (the ones derived 
from the lines related to the coacervates) or show a small difference 


11) The values 45, 42 and 41 in Table V are calculated from a single value of a. 
In order to get an idea of the probable error of these values, we may consider those 
for the elastic limits which are calculted from the mean of two values of a. In 
Table V the value 45 ++ 1 occurs: in Table VI the values 49 -- 1 and 44 + 2 occur. 
The uncertainties in these cases are 1-2 units. Therefore we may attribute an 
uncertainty of about 2 units to the values 45, 42-and 41 in Table V, which are 
based upon one single a value only. Therefore the ultimate values become 45 + 2, 
42 +2 and 41 + 2. 

21 Series B 
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(the ones derived from the lines related to elastic limits), the reality of 
which may be doubted when the experimental errors are taken into 
account. One may conclude that at 30° as well as at 40° the percentual 
binding of CNS to the soap remains the same for each criterion. 

It is known that in soap systems the soap ions are associated into 
micelles and the micellar surface is formed by the ionized groups. 

From the above we may deduce that the degree of occupation of the 
ionized groups by the CNS ions is the same at 30° and 40° for a single 
criterion. 

The influence of the temperature is restricted to an influence on the 
adsorption equilibrium. The adsorption is weakened by an increase of 
the temperature. 

The influence of the temperature is illustrated by the figures 6 and 7. 
In these figures the straight lines have been drawn (dotted for the two 
elastic limits) according to the mean values of a and b in Table V (of 
the points belonging to series A and B at 30° and to series C and D at 
40° which are determined twice, the mean is given in the graph). 

Comparison of figure 6 and figure 7 clearly shows that at increase of 
the temperature, 6 (the part cut off from the ordinate-axis) is increased, 
but that a (the slope) does practically not change. 


304 mmol/| Cx40% 304 mmol /| Cx40% 


20 20 


VV stat 


poe uc oo e/dyn 


Fou 
A non e/dyn. 
oe 


g Cetavlon/100 ml gq Cetavlon/i00 ml 
O25) 1O1505) (O175 1,00 O25 050 O75 1,00 
Figs. 6 and 7. KCNS concentrations needed to reach the different criteria at 
30° and at 40° (original Cetavlon preparation). 


As 6 represents the equilibrium concentrations of the CNS ions and 
a is a measure for the CNS bound to the soap, it follows that: 

1. increase of the temperature weakens the fixation of the CNS ions 
to the soap, and 

2. the amount of CNS ions bound to the soap, which is required to 
reach a given criterion, is not altered 
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This will explain the fact that when KCNS has been added to a given 
Cetavlon solution at 30°, in such a quantity that coacervation occurs, 
increase of the temperature will suppress the coacervation and subsequent 
cooling will promote coacervation again. 

A point representing a given KCNS containing Cetavlon system at 
30°, which lies in figure 6 in region IV just above the straight lines drawn 
in full, will, at increase of the temperature, lie in the region III as the 
straight lines shift upwards (maintaining the same slope). This finds 
expression in suppression of the coacervation. On subsequent cooling 
down to 30°, the straight lines move downwards to their original position 
so that the same point lies again in region IV, i.e. coacervation sets in 
anew. The suppressing influence of increasing temperature is also found 
for the coacervation of Cetavlon with KJ and NaNO,. 


This influence of the temperature cannot be generalized to all soaps. Of the 
group of acidic soaps, sulfate soaps seem to show the same phenomenon, i.e. a 
similar suppression of coacervation by an increase of temperature. Carboxyl soaps 
(e.g. oleate) show the reverse: increase of the temperature promotes the coacervation. 
With phosphatides (in principle an ampho-ionic soap) which contain some phos- 
phatidie acid, the coacervation with CaCl, and other salts is promoted as well by 
an increase of the temperature. 

The opposite behaviour in the latter two examples is very probably connected 
with the fact that in the fixation of cations to the ionized groups, polarization 
plays an important réle next to Coulomb-interaction 1%). 

In the fixation of cations to the sulfate group or anions to the quaternary- 
ammonium group, polarization phenomena presumably play a minor réle or none 
at all. 


10. Influence of recrystallisation of Cetavlon on the binding of CNS- 
anions to the soap 

In figure 8 the means of the KCNS concentrations (see Table IV) 
have been plotted against the soap concentration in a similar way as 
in figures 6 and 7. 

For drawing the straight lines through the experimentally determined 
points the means of a and 6 in Table VI have been used. 

In comparing figure 8 (purified Cetavlon at 40°) with figure 7 (original 
Cetavlon preparation at 40°) it is clear that as result of the recrystallisation 
the regions II and III are enlarged, which is mainly due to a downward 
displacement of the two lower straight lines. 

The following survey gives the mean values of 6 and the values 100,.a/22 
and 100.a/23.2. These values are taken from Table VI and from Table V 
(results at 40°). The above mentioned values are given for the two elastic 
limits and for only one coacervate volume adapted to the soap con- 
centration, viz. C x 40 %, as this is the only adapted coacervate volume 
which occurs in both Tables. 


122) H. G. BunceNBERG DE Jonc, in H. R. Kruyrt, Colloid Science, Vol. I, 
p. 287, (Elseviers Publ. Comp., Amsterdam, 1949). 
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The survey shows that the recrystallisation has altered all values. 
As we had already corrected for the different content of cetyltrimethyl- 


40 


KCNS = 40° 


m.mol/I 


30 


20 dyn/stat. 
x 
oa 
a“ 
- non e/dyn. 
pea ee / dy 
Pig ea 
10 Le U a 
ie ee 
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Pia 
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g Cetavlon/100 ml 
O25 050" (O75 mG 


Fig. 8. KCNS concentrations needed to reach the different criteria at 40° 
(purified Cetavlon preparation). 


ammonium bromide in the two preparations, the values should not have 
been altered by recrystallisation if the removed impurity were a substance 
which by itself exerts no influence on the soap system. 


Gctasion Limit Limit coacervate 
preparation non-elast./ | dyn.-elast./ volume: 
dyn-elast. stat-elast. Cx 40,95 
b recrystallized. . . . . . 0.8 Tel 9. 
OMAK bn A oe be a 5.8 9.0 Vel 
100.a/23.2 | recrystallized. . 49 +] 44 + 2 82 + 2 
100.a/22 original . 42 +2 41 +2 70 +1 
It seems improbable that removal of KBr — this being the main 
impurity in the original preparation — is the cause of the changes as 


shown in the survey ®), 


*%) The original Cetavlon preparation contains approximately 80% cetyl- 


trimethylammonium bromide, Assuming that the remaining 20 % consists of KBr 
only, a 1 % solution will contain about 70 millimoles/1 KBr. It is however known 
that even by saturation with KBr no coacervation can be brought about (compare 
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It is more probable that a “‘salt-sparing’’ organic substance has been 
removed. This assumption is based on the fact that the equilibrium 
concentration 6 for coacervation of the recrystallized Cetavlon is higher 
than the b-value for the original Cetavlon. 

In a recent investigation ™) on the influence of alcohols on the 
coacervation of Cetavlon it appeared that in the homologous series all 
higher alcohols from n-heptanol on, exert a salt-sparing influence. Using 
the same methods as are described in the present communication the 
influence of a salt-sparing higher alcohol (n-decanol) on the binding 
of CNS ions has been investigated. It appeared that: 


1. the equilibrium concentration is lowered, and 
2. the percentual binding of the CNS is lower. 


As these same features return in the last column of the survey, this 
points to the removal by crystallisation of a long chain polar organic 
substance. It is possible that the original Cetavlon preparation contains 
as an impurity a small amount of a long-chain compound, from which 
the synthesis of cetyltrimethylammonium bromide is started. 

On comparing the elastic limits in the third and fourth horizontal 
row of the survey, the same influence of the impurity is found. 

One would expect to find that 5, the equilibrium concentration, also 
would have been increased as an effect of the recrystallisation. This is 
not so. On the contrary: 5 is decreased somewhat for the limit dynamic- 
elastic/static-elastic and very much for the limit non-elastic/dynamic- 
elastic. 

A satisfactory explanation of this phenomenon cannot be given for 
the time being, though there may be a connection with the influence 
which organic substances exert on the damping of elastic oscillations. 
There is no use in discussing this complicated matter any further. 


section 2). Therefore it is very improbable that in this small concentration KBr 
will markedly influence the adsorption of KCNS to the soap. Even if an influence 
would be exerted by this small concentration of KBr, this, could not be other 
than an antagonistic influence (compare H. R. Kruyt, Colloid Science, Vol. IT 
(Elsevier Publ. Comp., Amsterdam, 1949). 

The effect exerted on the value of 6 will then be the reverse of the one shown in 
the survey. 

14) To be published shortly in these Proceedings. 


(to be continued) 


CHEMISTRY 


MIGRATION OF ACYL GROUPS IN MONOGLYCERIDES 
IN ACID MEDIUM 


BY 


P. E. VERKADE anv O. E. VAN LOHUIZEN 
(Laboratory of Organic Chemistry, Technical University, Delft, Netherlands) 


(Communicated at the meeting of June 27, 1953) 


It has long been known that under certain conditions migration of 
an acyl group in glycerides may occur. The first observation of this kind 
was made by FiscuER!): the reaction between silver nitrate and some 
mono-acid «f-diacylglycerol-y-iodohydrins in aqueous alcoholic solution 
did not lead to the expected af-diglyceride, but to the isomeric ay- 
diglyceride. The later data in the literature, which relate to both mono- 
and diglycerides, are always in agreement with FIscHER’s observation 
in that invariably a migration of an acyl group from the f- to an a- 
position is reported. It is not our intention, neither is it necessary, here 
to discuss the respective literature at length; only the work of DAUBERT 
and Kine ?) should be mentioned. 

DavuBertT and KinG investigated somewhat systematically the behaviour 
of 6-monopalmitoylglycerol and /-mono-p-bromobenzoylglycerol towards 
alcoholic hydrogen chloride and ‘alcoholic ammonium hydroxide”’ of 
varying concentrations at room temperature, and arrived at the conclusion 
that the rearrangement to the «-isomer was always complete. It is to 
be noted that the experimental procedure used by the investigators in 
question certainly did not admit of this conclusion; we will not, however, 
enter into a detailed discussion of the paper under consideration on this 
occasion. We think we may safely say that the above conclusion concerning 
the migration process of an acyl group has been practically universally 
accepted, and this with regard to both 6-monoglycerides and «f-diglycerides. 

To our knowledge it was only VuerKapE and collaborators *) who 
challenged the correctness of this view, and gave as their opinion that 
an equilibrium between «- and f-monoglyceride, or between «f- and 
ay-diglyceride is involved. In the formulation of this opinion the summary 


1) E. Fiscuer, Ber. 53, 1621 (1920). 

*) B. F. Dauperr and C. G. Kine, J. Am. Chem. Soc. 60, 3003 (1938). 
Cf. B. F. Stimmen and C. G. Kina, ibid. 56, 1724 (1934). 

*) P. KE. VerKape, W. D. Conen and A. K. Vronar, Rec. trav. chim. 59, 1129 
(1940). 
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data of Grin‘) on the conversion of «y-dipalmitoylglycerol and «y- 
distearoylglycerol into the af-isomer upon heating played a part. 


During the years 1950-1951 we carried out experimental work on the 
migration of the acyl group in monoglycerides in acid medium and we 
succeeded in showing that here we have indeed to deal with a mutual 
rearrangement of the two isomers; under the experimental conditions chosen 
by us, a fairly considerable amount of the f-isomer was found to be 
present in the equilibrium mixture. The result of this work has so far 
been mentioned only very briefly in a paper by one of the present authors 5) 
on synthetical methods in the field of the glycerides. Below we are giving 
a summary of the investigations in question. For a detailed description 
we have to refer to the thesis of one of the present authors (v. L.), which 
is shortly to be published, or to a later paper in the Recueil des Travaux 
chimiques des Pays-Bas. 


For the following of the migration reaction and the determination 
of the position of the equilibrium we made use of Malaprade’s reagent, 
i.e. of oxidations with periodic acid. The way in which these oxidation 
experiments were carried out has to be left undiscussed here. A priori 
it may indeed be expected that a-monoglycerides I will be readily 
oxidized by periodic acid to formaldehyde and an acylated glycolaldehyde, 
consuming one atom of oxygen per mol., but that f6-monoglycerides II 


CH,0O.CO.R CH,OH 
| | 
CHOH <n CHO NCOTN. 


| 
CH,OH CH,OH 
I II 


will remain unchanged under the same conditions; in fact, the former 
compounds contain two vicinal hydroxyl groups, which is not the case 
with the latter compounds. It is precisely because of the possibility of 
turning to account this difference in behaviour between an «- and a 
f-isomer, i.e. of carrying out a quantitative determination of «- in 
presence of f-isomer in a simple manner, that we started our work on the 
migration of acyl groups with the monoglycerides; for similar work with 
the diglycerides another method will have to be devised. However, the 
expectation in question appeared not always to be fulfilled; this was not 
the case, for example, with those monoglycerides which contain a fatty 
acid as component acid. The cause of this is obvious. We have to deal here 
with rapidly rearranging monoglycerides, where migration of the acyl 
group already occurs under the experimental conditions of the oxidation 
with periodic acid, as applied by us. Monoglycerides of this type naturally 
have not been included in the present work. 


4) A. Grtw in Herrer-ScH6nFrELp’s Chemie und Technologie der Fette und 
Fettprodukte, vol. I, p. 250 (1936); see also A. Kiron, Inaug.-Diss. Techn. Hoch- 
schule Dresden, (1928). 

5) P. E. VERKADE, Chimie et Industrie 69, 247 (1953). 
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The monoglycerides used by us — those listed in Table I and a few 
others to be mentioned presently — were prepared according to standard 
procedures, and examined for purity by means of oxidation with periodic 
acid. The compounds were crystallized from suitable solvents until the 
consumption of periodic acid deviated less than 0.5 % from the theoretical 
value, which is then put at 100 % for the «-monoglycerides and 0 % for 
the f-monoglycerides. 


As medium for the migration experiments to be described below we 
employed as a rule “absolute” ethanol, in some cases also ethanol- 
water mixtures; the water content was determined with the aid of the 
Karl Fischer reagent. For various reasons not to be discussed here it 
seemed to us that this medium was to be preferred. As catalyst we used 
hydrogen chloride; we carefully convinced ourselves that under the 
conditions of our experiments no appreciable disappearance of the catalyst 
owing to formation of ethyl chloride occurred. All the experiments were 
carried out at 25.1°. 

In the first place we studied the question whether an equilibrium is 
reached between the isomers, in which the f-isomer is present in an 
appreciable amount, and if so, what is the more or less precise position 
of this equilibrium. To this end equimolecular solutions of the two isomers 
of a monoglyceride in the same ethanolic hydrogen chloride were kept 
at 25.1°, and after known times aliquot portions of these solutions were 
oxidized with periodic acid in order to determine the amount of «-isomer 
present. Upon plotting the periodic acid consumption, expressed in mols 
per mol. of monoglyceride originally present, against time, two characteristic 
curves were obtained, which were highly similar for the different mono- 
glycerides examined by us. In fig. 1 we give the respective curves for 
x«- and 6-monobenzoylglycerol. 
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Fig. 1. Periodic acid consumption during the rearrangement of «- and £-mono- 
benzoylglycerol in 0.5135 N ethanolic hydrogen chloride (water content 0.312 % 
by vol.) at 25.1°. 
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a 
The characteristic form of the curves is due to the fact that in addition 


to the migration of the acyl group a much slower ethanolysis of the two 
monoglycerides occurs. The lefthand part of the curves, up or down to 
the point where the two begin to run approximately parallel, is determined 
in particular by the migration of the acyl group, by the adjustment of 
the equilibrium between the two isomeric monoglycerides. The righthand 
part is determined by the ethanolysis of the two monoglycerides; since 
this ethanolysis, on account of the large excess of ethanol, may be 
considered to proceed completely and leads to glycerol, which consumes 
2 mols of periodic acid per mol., the ultimate periodic acid consumption, 
to be approached only after a very long time, will amount to 2 mols per 
mol. of monoglyceride used in the experiment. 


TABLE I 

hydrogen chloride | % Of «-monoglyceride 

concentration in in equilibrium 
0.08 mol. of monoglyceride per litre ethanol (water calculated from 

content 0.312% «-mono- _B-mono- 

by vol.) glyceride  glyceride 

benzoylglycerol 0.5135 N 88.5 87.0 
benzoylglycerol 0.8224 88.7 87.9 
benzoylglycerol 1,022 88.1 87.8 
p-chlorobenzoylglycerol . 0.8224 88.5 86.6 
p-chlorobenzoylglycerol . 022 88.8 86.7 
p-bromobenzoylglycerol . 0.8224 88.7 86.9 
p-nitrobenzoylglycerol 0.5135 88.3 — 
p-aminobenzoylglycerol . 0.8224 88.5 86.2 
p-methoxybenzoylglycerol . 0.6345 84.9 80.8 
diphenylacetylglycerol 0.0853 _ 85.8 


We intend to give elsewhere a mathematical treatment of the rather 
complicated reaction system involved in our work, which will bring out 
several details much more clearly — so that it will, for example, become 
evident why the righthand parts of the curves do not coincide, but continue 
to run “‘parallel” at a slight distance — and make it possible to ascertain 
how the curves can best be used for the determination of the proportion 
of the «- and the f-isomer in the equilibrium mixture. It will then appear 
that an extrapolation of the “flat” righthand part of the curve for the 
«-monoglyceride, i.e. of the upper curve, to the time 0 is best suited for 
this purpose. The position of the equilibrium thus found is given in 
Table 1. 

Since we only succeeded in obtaining the f-isomer of mono-diphenyl- 
acetylglycerol in the pure state, only this compound could be examined. 
In order to make possible a comparison of the behaviour of this compound 
with that of the other monoglycerides we have also given in Table 1 
the position of the equilibrium found by extrapolation of the “‘flat”’ 
righthand part of the curves for the 6-monoglycerides to the time 0. 
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It is to be noted that the f-mono-diphenylacetylglycerol has been 
examined at a considerably lower hydrogen chloride concentration than 
the other monoglycerides. This was done because the rearrangement, 
and also the ethanolysis, takes place considerably more rapidly with 
the first-mentioned compound than with the other monoglycerides; this 
will presently become apparent. No influence of the hydrogen chloride 
concentration on the position of the equilibrium can be inferred from 
the data available to us, nor was this to be espected, — as will appear 
later —, at least not at the relatively low concentrations used by us. 

It is extremely striking that — with one exception, which will be 
referred to presently — properly speaking the same position of the equilibrium 
was invariably found: the equilibrium mixture contains about 88 % of 
x-monoglyceride and about 12% of B-monoglyceride. It is certainly 
tempting to see more than a mere coincidence in this, the more so as 
monoglycerides with greatly different component acids (substituted 
benzoic acids with a substituent of a widely varying nature and diphenyl- 
acetic acid) are involved. 

However, we met with a clear exception in the case of the mono-p- 
methoxybenzoylglycerols. On the one hand we have no reason to doubt 
the reality of the different position of the equilibrium here found, though 
it is certainly striking that the positions of the equilibrium deduced from 
the behaviour of the «- and the f-isomer differ more in this than in the 
other cases; in this connection we also refer to a remark to be made below 
with regard to the calculation of the migration rate of the f-isomer. 
On the other hand we cannot see any reason for an exceptional position 
of the monoglycerides in question as compared with the other mono- 
glycerides derived from substituted benzoic acids. 

Starting from f-mono-triphenylacetylglycerol and £-mono-2,4,6- 
trimethylbenzoylglycerol, — these were the only isomers available to 
us —, we did not succeed in establishing an equilibrium between both 
isomers. In the first-mentioned case the reason was undoubtedly that 
under the experimental conditions applied by us the migration of the 
acyl group takes place very slowly. We leave the question here undecided 
whether in the last-mentioned case the migration of the acyl group is 
exceptionally slow or even completely absent. 

Elsewhere we will try to make it acceptable on theoretical grounds 
that the position of the equilibrium will be substantially the same with 
all pairs of monoglycerides derived from carboxylic acids. It is certainly 
worth while to investigate this question more in detail, for example by 
using monoglycerides which contain a fatty acid as component acid 
(monopalmitoylglycerol and the like). This is certainly possible if an 
appropriate modification is made in the technique of the oxidations with 
periodic acid hitherto employed by us. We scarcely doubt what will be the 
result of this work. 

Finally it should be mentioned that we also examined a number of 
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monoglycerides derived from aromatic sulphonic acids. No indication of 
the occurrence of migration of the acyl group was obtained in these cases. 
It does not appear impossible to us that these compounds, which are of a 
fundamentally other nature than the monoglycerides derived from 
carboxylic acids, are hardly, if at all, susceptible of rearrangement in acid 
medium. 


In the second place we concerned ourselves with the determination 
of the migration rate of $-monoglycerides. 

In experiments at 25.1° with solutions of 6-monobenzoylglycerol in 
0.5135 N ethanolic hydrogen chloride (water content 0.312 % by vol.), 
where the concentration of the monoglyceride was varied between 0.01 
and 0.08 mol. per litre, the course of the periodic acid consumption, 
calculated in mols per mol. of monoglyceride used, with time was found 
to be perfectly identical in all cases. From this it follows that the migration 
of the acyl group in B-monobenzoylglycerol shows kinetics of the first order. 

It is in agreement with this conclusion that upon application of the 
formula for a reversible reaction of the first order, series of very satis- 
factorily agreeing migration rate constants (k,) could be calculated from 
the data on the periodic acid consumption obtained in the above-mentioned 
and related experiments. It is a prerequisite for this that we should confine 
ourselves to the use of observations where the periodic acid consumption 
is no more than about 0.5 mol. per mol. of /-monoglyceride used, 7.e. 
to the lower lefthand part of the periodic acid consumption/time curve 
of Fig. 1, where the ethanolysis can be ignored without appreciable 
disadvantage. In this connection reference is made once more to the 
announced mathematical treatment of the reaction system involved in 
our work. In Tabel 2 we provide data about an experiment chosen at 
random, from which the correctness of the above statement is apparent. 


TABLE II 
0.08 mol. of B-monobenzoylglycerol per litre of 0.6102 N ethanolic hydrogen chloride 
(water content 5.30 % by vol.). Equilibrium constant 12 : 88. Temperature: 25.1°. 


periodic acid consumption in mols 


time in seconds ; 
per mol. of monoglyceride 


kg (in sec.~*) 


0 = —_ 


30,000 0.173 G45 LOne 

49,320 0.261 6.26 

69,480 0.345 6.31 
102,600 0.457 6.29 
131,400 0.540 6.37 


As was to be expected, the same was found to apply to the other 
f-monoglycerides which could be examined by us in this respect; here, 
too, the rearrangement showed kinetics of the first order. It is to be noted 
in this connection that with /-mono-p-methoxybenzoylglycerol the 
introduction of the equilibrium constant 15 : 85 (see Table 1) yielded 
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values of k, which were in satisfactory agreement with each other, but 
not so the introduction of the equilibrium constant 12 : 88. 

From experiments with £-monobenzoylglycerol we learned that here 
the migration rate constant is directly proportional to the hydrogen 
chloride concentration. We confine ourselves to giving the results of these 
experiments in the form of a graph (Fig. 2). A number of similar experi- 


28 
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—> kg - 10° (in sec.—1) 


Oo O25 9047 5067708 Ose ia to 1.8 
—> normality of hydrogen chloride 


Fig. 2. Relation between the migration rate of B-monobenzoylglycerol in ethanolic 
hydrogen chloride (water content 0.312 % by vol.) and the concentration of the 
catalyst. 


ments with other /-monoglycerides show the same result. From these 
experiments it must be concluded that the rearrangement of the B-mono- 
glycerides is a bimolecular reaction. 

Finally we investigated the relation between the migration rate of 
p-monobenzoylglycerol in aqueous-ethanolic hydrogen chloride and the 
water content of the medium. Here again we confine ourselves to giving 
the results of the experiments in the form of a graph (Fig. 3). When 
the water content of the medium increases, the migration rate constant 
decreases, at first quite rapidly. We cannot account for this remarkable 
influence of water. Since as a rule we worked with media having a low 
water content, and wished to compare the results of different experiments, 
it was necessary to check the water content of the medium carefully ; 
as has already been mentioned, we used the Karl Fischer reagent for 
this purpose. Of the great retardation of the migration reaction through 
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the addition of water we took advantage for the determination of «- 
monoglyceride by oxidation with periodic acid. 


12 


—> Ig- 105 (in sec.—1) 


O27 476: 8710 20 30 40 50 


— water content in vol. °/, 


Fig. 3. Relation between the migration rate of B-monobenzoylglycerol in 0.6108 NV 
aqueous-ethanolic hydrogen chloride and the water content of the medium. 


In Table 3 we give a survey of a number of migration rate constants 
of other f-monoglycerides determined by us, again at the temperature 
of 25.1°. The last column gives the ratio between the migration rates 
found and that of /-monobenzoylglycerol, the latter also having been 
measured for the hydrogen chloride concentration mentioned in the 
table. These ratios have only been given in order to show that the nature 


TABLE III 

hydrogen chloride 

concentration in 
0.08 mol. of monoglyceride per litre ethanol (water kg (in sec.~?) 

content 0.312 % 

by vol.) 

B-diphenylacetylglycerol. . . .. . 0.0853 N SOR LOS 11-0 
B-p-methoxybenzoylglycerol. . . . 0.8224 9.48 0.80 
B-p-chlorobenzoylglycerol . ... . 0.8224 6.96 0.59 
B-p-bromobenzoylglycerol. ... . 0.8224 6.98 0.59 
B-p-armninobenzoylglycerol . . .. . 0.8224 6.00 0.51 
B-triphenylacetylglycerol. .... . 1,853 Coe xe LOSGIOF002 


of the acyl group has a very great influence on the migration rate ; this becomes 
even more evident if we bear in mind that on the one hand the rearrange- 
ment of 6-monoglycerides derived from fatty acids was found to proceed 
too rapidly to allow of its being followed quantitatively with the technique 
employed by us, while on the other hand with 6-mono-2,4,6-trimethyl- 
benzoylglycerol rearrangement could not be traced at all. 


The mechanism of the mutual rearrangement of the monoglycerides 
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is undoubtedly closely related to that of the alcoholysis or hydrolysis 
of the esters of carboxylic acids. The scheme below in our opinion gives a 
satisfactory representation of the mechanism of the reaction, and is 
therefore to serve elsewhere as a basis for theoretical discussion. 


a 
CH= 0=0=2h CH,-O-C-R CH;-O. OH CHy-0\ | /OH 
| | | be 7e 
bxon 6 He CHOHMI EEE. CHO” Hees fh \R + H+ 
| I | H. c 
bs,0H = CHOH . CH,OH 1 OH,OH 
UI 
6 CH,OH 
CH-Q\ /OH  CH,OH vH, 
= CHO". SH Oh —O0-C=h == Uh-Oh eres 
Ca by 3 | rad | 
_ ° CH,OH (H,OH OH CH,OH O 


Just as in the case of alcoholysis of hydrolysis, the carbon atom of 
the carbonyl group serves as reaction centre. The approach of the 
adjacent hydroxyl group towards this reaction centre (step b of the scheme) 
will be the rate-determining step. 


It is to be noted that the “‘ortho-ester” III was already put forward 
by Fiscuer !) as intermediate product in the migration of an acyl group. 

In the above we have confined ourselves to migration of the acyl 
group in acid medium. Meanwhile it may be considered a fact that alkaline 
catalysts may also play a part in the migration process. An investigation 
of this matter is highly desirable, because here, just as with the alkaline 
alcoholysis or hydrolysis, the varying migration rates of different acyl 
groups will be found more readily interpretable. 


Delft, June 1953. 


CHEMISTRY 


OZONOLYSIS OF 2,6-DIMETHYL-y-PYRONE IN CONNECTION 
WITH THE STRUCTURE OF THE y-PYRONE NUCLEUS 


BY 


J. P. WIBAUT anv S. HERZBERG 1) 


(Communicated at the meeting of June 27, 1953) 


The problem of the ‘fine structure’ of the y-pyrone nucleus arose 
when it was discovered that the conventional formulas established on 
the basis of degradation and synthesis were unable to account for all 
the properties of y-pyrones. A substance which had been widely studied 
in connection with structural problems is 2,6-dimethyl-y-pyrone. Frtst [1], 
who discovered this compound, assigned to it structure I, mainly on the 
basis of its conversion into 2,6-dimethyl-4-pyridone. This author remarked 
that this compound did not form a phenylhydrazone and that its double 
bonds were not reduced by zinc and glacial acetic acid. The inactivity 
of the carbonyl group towards ketone reagents and of the double bond 
towards addition reactions have since been confirmed with some other- 
y-pyrones. 

Bromination of 2,6-dimethyl-y-pyrone gives the 3-bromo and _ 3,5- 
dibromopyrones: thus substitution rather than addition reactions takes 
place [2]. . 

CoLiie and TICKLE [3] discovered that 2,6-dimethyl-y-pyrone gives 
well-defined crystalline addition products with anumber of inorganic and 
organic acids in which | mole of the pyrone was combined with | equi- 
valent of the acid. The authors formulated these adducts as oxonium salts. 

BakEyeER [4] succeeded in isolating 2,6-dimethyl-4-methoxy pyridine 
(III) from the reaction of the crystalline methoperchlorate of 2,6-dimethyl- 
y-pyrone with ammonium carbonate. He proposed the structure (II) 
for the methoperchlorate of 2,6-dimethyl-y-pyrone. 


OCH, OCH. 


He CH, HC CH, HC CH 
CLO, 
dE JEL 


1) A detailed publication including all the experimental data will appear in 
the Ree. tray. chim. 
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A better insight into the structure of the pyrone ring was gained by 
measurements of dipole moments. VASSILIEV and SyRKIN [5] determined 
the dipole moment of 2,6-dimethyl-y-pyrone at six temperatures between 
15° and 65° C. They found a value of 4.62 + 0.02 D., which was in- 
dependent of the temperature within the limits of error. From this 
temperature independence these investigators concluded that the value 
found for the dipole moment was characteristic of the single molecules 
and should not be ascribed to complexes formed by association. If 
structure I should be assigned to 2,6-dimethyl pyrone, the dipole moment 
calculated according to vector addition would be 2.2 D. The authors 
therefore assume limiting structures with a contribution of the polar 
structures. For this polar structure IV a dipole moment of 22 D is 
calculated. The dipole moment of 2,6-dimethyl-y-pyrone was also measured 
by Hunter and Partinetron [6]. They found a value of 4.05 D. Rau, 
however, found a value of 4.5 D. [7]. 

When considering polar structures the following limiting structures 
can be given for 2,6-dimethyl-y-pyrone: 


0 8 2 


Oo 


HC CH, HC CH, HC CH, 
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As will be explained below, a study of the ozonolysis of suitable pyrone 
derivatives may contribute to the study of the structure of the ring 
system. 

We have found that 2,6-dimethyl-y-pyrone takes up two molecules 
of ozone. This means that only the C=C bonds react with ozone, which 
was also found when ozone was reacted with other heterocyclic rings, 
such as pyrrole [8], pyridine [9] and furan [10]. 

On the strength of this observation we can leave structure VI out of 
consideration. It is also clear that a study of the ozonolysis will not 
reveal a difference between structures I and VII, because after decom- 
position of the ozonides formed these structures should yield the same 
products. The same applies to structures IV and V. 

The scission products of the ozonolysis to be expected are represented 
in the following formulas. For I and VII 


0 
H H Hs 
one 
HC CH, HEC 


0 


H.- 
“O— HCO.CO.CHO + 


ee + 2CH,COOH 
CH, Vill 
applies and for IV and V: 
=] 
0 
: HCO.COOH + 
1 H 0 H AB x 
e2hi= 0,——> +CB,CO.CHO 
-s XI 
H.C CH, HC CH, + CH,COOH 
IX 


Among the ozonolysis products we could identify and determine 
quantitatively: glyoxylic acid (X), which was determined in the form 
of the p-nitro-phenylhydrazone, methyl glyoxal (XI), which was 
determined as p-nitro-phenylosazone, acetic acid and formic acid. Mesoxal 
dialdehyde (VIII) has not been identified so far. Methyl glyoxal is 
characteristic of the structures [V and V, acetic acid can be formed 
from the two structures. The formation of glyoxylic acid can be most 
easily imagined form structures IV or V; the formation from structure I 
or VII, however, must not be considered precluded. This compound may 
be formed via an abnormal ozonide rearrangement according to the 
scheme formulated as follows by Lrerrier [11] for mono-ozonides: 

22 Series B 


R-C=C—SR-C -C— R-O -6- C— 


0 8h e 4 4 
ROE —C—> C= 0+ 0-C, 


For our case this will be: 


. ——> HCO.COOH + 
HCOOH + 2CH,COOH. 


Also the formic acid may be formed via this abnormal ozonide re- 
arrangement from the structures IV and V: 


Q. — > CO,7+ HCOOH + 
0 CH,COOH + CH,CO.CHO 
CH, 


3a. ——> CO,7 +2HCOOH + 
2CH,COOH. 


It is the intention to determine any carbonic acid formed quantitatively. 
Quantitative determination of the 


scission products yielded the 
following results: 


Hap. I Exp. 2 


Starting from 10 mmol 


Starting from 10 mmol 
2,6-dimethyl-y-pyrone 2,6-dimethyl-y-pyrone 
1.83 mmol glyoxylie acid 1.66 mmol glyoxulie acid 


1.63 mmol methyl glyoxal 1.59 mmol methyl glyoxal 
6.6 mmol formic acid 5.38 mmol formie acid 
13.1 mmol acetic acid 13.7 mmol acetic acid 
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It should be added that when treating the ozonide solution with HI 
solution, followed by titration with thiosulphate, we recovered only 
25 % of the active oxygen of the ozonide. This may have been caused 
‘by the abnormal ozonide rearrangement. 

_ This analysis shows that 2,6-dimethyl-y-pyrone reacts with ozone to 

a considerable degree according to the aromatic structures IV or V. It 
should be borne in mind that as a result of an abnormal ozonide rearrange- 
ment part of the acetic acid found may have been formed at the expense 
of methyl glyoxal. It is therefore very well possible that in the reaction 
with ozone the 2,6 dimethyl-y-pyrone reacts according to the aromatic 
structure to a considerably higher percentage than 18 %. 

It is our intention to replace p-nitro-phenylhydrazine by N-methyl-p- 
nitrophenylhydrazine for the identification and quantitative determination, 
because there are indications that the p-nitro-phenylosazones are auto- 
xidizable. 

Our investigation is being continued in various directions, including 
the ozonolysis of y-pyrone itself and of trimethyl pyrones and tetra- 
methyl pyrone. 


Experimental 


1. Ozonization of 2,6-dimethyl-y-pyrone 

A mixture of ozone and oxygen of known ozone content (about 12-15 % 
by wt of ozone) was passed through a solution of 10 millimols of 2,6- 
dimethyl-y-pyrone in 100 ml of chloroform. The temperature of the 
solution was kept at — 20° C. The concentration of ozone in the exit 
gases was determined, after which the quantity of ozone consumed 
could be calculated. It was found that one millimol of dimethyl pyrone 
reacts with two millimols of ozone. 


2. Decomposition of the ozonides and determination of the scission products 
For the working-up of the reaction product, the decomposition of the 
ozonides, the separation and determination of the scission products we 
utilized a method devised by B. P. JipBEN within the scope of his in- 
vestigation into the ozonolysis of methyl homologues of furan !). 

The method depends on the reduction of the ozonides by means of 
hydrogen iodide. The mixture of the dicarbonyl compounds obtained by 
the reductive fission of the ozonides is then treated with an excess of p- 
nitrophenylhydrazine in hydrochloric acid. The separation of the mixture 
of p-nitrophenylosazones is carried out by a chromatographic method. 

The quantitative determination of the separated nitrophenylosazones 
is carried out by means of spectrographic measurements. After treating 


1) This method yields better results than that used formerly, in which the 
dicarbonyl compounds are transformed into dioximes. The details of this method 
will be published in a forthcoming paper by P. B. Jrspen and the senior author. 
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the mixture of carbonyl compounds with p-nitrophenylhydrazine we 
obtained in our case a precipitate (A), which contained the p-nitrophenyl- 
hydrazone of glyoxylic acid besides the p-nitrophenylosazone of methyl 
glyoxal. 

This precipitate was extracted with 0.1 N ammonia solution. The 
filtrate contained the p-nitrophenylhydrazone of glyoxylic acid, which 
was identified and determined quantitatively by a spectrographic method 
(compare 3). 

The part of A which was insoluble in 0.1 N ammonia was dissolved 
in pyridine and subjected to chromatography on aluminium oxide. In 
the eluate the bis-(p-nitrophenyl)-osazone of methyl glyoxal was identified 
and determined quantitatively by spectrographic measurement. 


Determination of the acids formed in the decomposition of the ozonides *) 


The filtrate of the precipitate A was steam-distilled-. The distillate 
was made alkaline and concentrated, after which it was extracted with 
pure ether. The ethereal solution obtained was extracted with a known 
quantity of 0.1 N sodiun hydroxide. The total amount of acids formed 
in the ozonolysis was computed by titrating with oxalic acid an aliquot 
part of the alkaline solution. 

The amount of formic acid was determined as follows: 

An aliquot part of the alkaline solution was treated with an excess 
of 0.1 N KMn0O, solution. The mixture was then acidified and treated 
with potassium iodide. The amount of iodine formed was titrated with 
0.1 N Na,§8,O, solution. 


3. Determination of glyoxylic acid 


In the literature widely different values are given for the melting 
point of the p-nitrophenylhydrazone of glyoxylic acid. BuscH and RENNER 
[12] state that this compound, when slowly heated, undergoes a colour 
change into red at about 170° C, the colour turning gradually into black 
at higher temperature. Above 260° the substance melts with decomposition. 
Sau et al. [13] give 246—247° C as melting point. TorREs [14] states 174° C. 

We have prepared an aqueous solution of glyoxylic acid by ozonizing 
an aqueous solution of maleic acid. By treating the reaction mixture 
with a solution of p-nitrophenylhydrazine in dilute hydrochloric acid the 
p-nitrophenylhydrazone of glyoxylic acid precipitated. It was several times 
recrystallized from methanol and dried at 110° C in a vacuum desiccator 
filed with anhydrous calcium chloride. The substance melted at 269° 
with decomposition. We observed the colour change described by Buscr 
and RENNER. 


*) This method has been developed by B. P. Jispen. The experimental details 
will be published by B. P. Jippen and one of us (W.). 
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Analysis 
Found ....... 46.14% C, 3.39% H, 20.26% N 
Calculated... ... 45.94% C, 3.35% H, 20.10% N 


We have determined the absorption spectrum of this compound in 0.1 N 
ammonia solution. There is a maximum at 3880 A. The spectrum is not 
influenced by varying the ammonia concentration in the range 0.05— 
0.15 N. Besides, the solutions obey the law of BreR—LAaMBERT. On the 
strength of these data we have worked out a colorimetric method for 
the quantitative determination of the p-nitrophenylhydrazone of glyoxylic 
acid. 


Amsterdam, June 1953. 
Laboratory for Organic Chemistry 
of the University of Amsterdam 
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CHEMISTRY 


AUTOXIDATION OF SATURATED HYDROCARBONS IN THE 
LIQUID PHASE?) 


(Third communication) 


BY 


J. P. WIBAUT anp A. STRANG ?) 


(Communicated at the meeting of June 27, 1953) 


Some months ago J. L. Banron and M. M. Wirtu published a brief 
communication *) entitled: “Position of Radical Attack during Oxidation 
of Long-Chain Paraffins’. This communication starts as follows: ““Much 
work has been done on the liquid phase oxidation of hydrocarbons; but 
strangely enough very few experiments of a fundamental nature have 
included what would appear to be the simplest models, namely straight: 
chain paraffins. Any suggestions made so far concerning the point of 
oxygen attack when there is no preferred tertiary or activated hydrogen 
atom have been largely speculative’. 

We are of opinion that these words do not accurately represent the 
present stage of development of the problem put forward by Brenton 
and WirtH. We will compare the method followed by them as well as 
their conclusions with our results published in 1951 and 1952, which 
were not cited by the British authors *). 

In our investigation into the catalytic oxidation of normal and branched 
alkanes in the liquid phase and at temperatures below the boiling point 
of the hydrocarbon under investigation it was found that the first step 
consists in autoxidation. A hydroperoxide is formed, which under the 
catalytic influence of cobalt stearate — the catalyst used by us — is 
decomposed; a radical — very probably an alkoxy radical — induces 


a chain reaction, as a result of which the oxidation of the hydrocarbon 
proceeds. 


*) Ist communication: Proc. Kon. Ned. Akad. vy. Wetensch. Amsterdam, 
Series B 54, 102, 229 (1951). 

2nd communication ibid B. 55, 207 (1952). 

Compare also: J. P. Wrsavut in Disc. Faraday Soc. No. 10 ‘““Hydrocarbons’”’, 333 
(1951). 

*) Present address: Koninklijke/Shell-Laboratorium, Amsterdam. 

3) Nature, No. 4345, 260 (1953). 

4) Reprints of our articles published in the Proceedings as well as a copy of 
Dr A. Strane’s thesis were sent at the time to one of the two laboratories mentioned 


in the article by BENToNn and Wirrtu, viz. Anglo-Iranian Oil Co. Ltd. Research 
Station, Sunbury-on-Thames. 
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The surprising observation that 2,5-dimethyl hexane forms a stable 
dihydroperoxide by autoxidation with atmospheric oxygen at normal 
temperature opened up the possibility of studying the part played by 
the hydroperoxides in catalytic oxidation of alkanes. Other branched 
octanes, including 3-methyl heptane and 3,4-dimethyl hexane are also 
autoxidizable, though the formation of peroxides from these hydro- 
carbons at normal temperature proceeds very slowly. 

Comparative investigations into the maximum rate of oxidation of 
branched octanes at 78° C and with 0.18 mol percents of cobalt stearate 
as catalyst led us to the conclusion that first of all a hydroperoxide is 
formed by the reaction of an oxygen molecule with a tertiary C—H 
bond and a hydrocarbon. In agreement with this conclusion we found 
among the oxidation products of 2-methyl heptane and 3-methyl] heptane, 
acetone and methyl-ethyl ketone respectively, significant quantities of 
acetone and 2,5-dimethyl hexane diol-2,5 being isolated from the mixture 
of oxidation products of 2,5-dimethyl hexane. 

With respect to the alkanes with normal carbon chains we found for 
instance for n-nonane and n-hexadecane that these hydrocarbons are 
oxidised very slowly at normal temperature, small quantities of peroxides 
being formed; n-octane is slowly oxidised at 125° in the absence of a 
catalyst. 

Experiments with n-octane, n-nonane and n-hexadecane showed that 
peroxide must be present for catalytic oxidation of normal alkanes. If 
the preparation is free from peroxide no oxidation takes place at 110° 
and in the presence of cobalt stearate. The oxidation reaction starts, 
however, as soon as a small quantity of dimethyl hexane dihydroperoxide 
is added. On the strength of these observations we assume that in catalytic 
oxidation of the normal alkanes the reaction mechanism is similar to 
that of the oxidation of the branched alkanes, i.e. via decomposition 
of a primarily formed hydroperoxide. It was only natural to assume 
that the CH, groups should be sooner attacked by molecular oxygen 
than the CH, groups, for the energy awarded to a primary C-H bond 
(CH, group) is greater than that awarded to a secondary C—H bond 
(CH, group). 

For this reason we determined the maximum rate of oxidation of the 
normal alkanes with 8, 9, 10, 12, 14, 16, 18, 20 and 22 carbon atoms at 
110.4° C and with 0.18 mol per cent of cobalt stearate as catalyst. The 
maximum rate of oxidation from C,H». to Cy,H4, 1) was found to increase 
linearly with the number of carbon atoms. 

To account for this result we assumed that each of the CH, groups 
has an equal chance of reacting with a molecule of oxygen with formation 


1) The maximum rate of oxidation of n-octane (b.pt. 125° C) and n-nonane 
(b.pt. 150° C) does not fit in this linear relation. This may be due to the trial assembly 
used by us, which is less suitable for substances with the above-mentioned boiling 
points. 


342 
of a hydroxy peroxide. This concept is confirmed by the splendid in- 
vestigation of Brnron and WirtH in which a different method was 
followed. 

These investigators subjected liquid n-decane (Cy)H,,) to oxidation 
with oxygen at 145° C. The oxidation was continued to a peroxide content 
of 2.5 per cent. The authors state that “‘at this extent of oxidation more 
than 80 per cent of the decane oxidized retains its original carbon 
skeleton, the oxygen being present as hydroperoxide and carbonyl groups; 
of these functional groups, 80 per cent are present in monofunctional 
compounds, the isomer distribution of which indicates the points of 
attack’. 

The oxidation product was subjected to catalytic reduction using 
palladium black, as a result of which the hydroperoxides were reduced 
to alcohols. Subsequently a reduction was carried out with lithium 
aluminium hydride, as a result of which the ketones were converted 
into alcohols. By chromatographic separation a mixture of isomeric 
decanols was obtained, in which the ratio of the isomers was determined 
by means of the infra-red spectrum. Besides very small quantities of 
decanol-1 the mixtures thus obtained contained about equal quantities 
of decanol-2 and decanol-3 and somewhat smaller quantities of decanol-4 
and decanol-5. In another series of experiments a mixture of peroxides 
was isolated from the oxidation product of n-decane. By catalytic 
reduction a mixture was obtained of decanol-2, decanol-3, decanol-4, and 
decanol-5 in equimolecular quantities. 

The British authors draw the following conclusions from their 
experiments: 


“Our results show that there is a small proportion of attack at the 
terminal methyl groups, but that the major attack is distributed almost 
equally on the methylene groups of the n-decane chain. Allowing for the 
limits of accuracy of the infra-red analysis, the preference for the methylene 
groups near the ends of the chain is only slight”’. 


In actual fact, the experimental results of Benton and WirrH are in 
agreement with the assumption that in the oxidation of n-decane at 
145° C chiefly 4 simultaneous reactions take place, each of the CH, groups 
having approximately the same chance of reacting with a molecule of 
oxygen to form a hydroperoxide. This is exactly our conclusion from 
measurements of the maximum rate of oxidation in the range Cy—Cy». 
The investigations of Benton and Wirru thus lead along different routes 
to the same conclusion. 
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7. Comments on equation (30). — In the first part of this paper we 
arrived at an equation for the Fourier transform @,; of the correlation 
tensor #;; (equation 30). We cannot derive conclusions from this equation 
so long as we do not dispose of a further relation between the tensors 
I; and @®,;;. Even in the case of isotropic turbulence uninfluenced by a 
mean flow, where each of these two tensors is dependent on a single scalar 
function only, this problem forms the stumbling block of the theory and 
such advance as has been made is derived from special assumptions. 
In the present case the difficulties are increased in consequence of the 
more general tensor character of these quantities. 

In order to reduce the number of unknown quantities one may attempt 
to restrict to the diagonal sum of (30): 

WD;; 0Di; 
ot 1 Ok, 


(31) a4 (2%. =k ) 4+ Whe, =Ti,- 


Since this equation contains ®,, along with @,;, it may be useful to supple- 
ment it by the equation for d®,,/dt: 


dD, ea { Dy — 2 ky Pop + ky ky Diy C4 Pr» + Wk? Dy = 
(32) ot | k? dke 
Lr ky kn Tne + ke kn In 
ee LO RR rake 10 a eee 


In this equation there also occurs the component ®,,. The separate 
equation for d®,,/d¢ does not introduce a further component of ;;; how- 
ever, both in the equation referring to ®,, and in that referring to ®,, 


6) Part I has appeared in these Proceedings Ser. B. 56, 228-235 (1953). — An 
error of print occurs in the last line of eqs. (10), p. 231, where the definitions of 
P}¥ and P#* must read: 

Pi=p'ule 3; Pi* =p'ule. 


Equation (34), the main substance of section 9 and section 10 of the present 
Part II are contributions by Dr MircHner. 


344 


we need more data concerning the tensor J’;; than occur in eq. (31). We 
shall therefore pay attention to (31) only. 

A reduction of the number of independent variables can be achieved 
by taking mean values over a spherical surface k = constant in the wave 
number space. The mean value of any quantity obtained in this way will 
be indicated by a bar (r7—) over the quantity. The formal result for 
eq. (31) is: 


do; al WwW Pars 
(31a) + (20,2 — 1 pe) + 29 Dy = Ti. 


After multiplication by 27k? this equation represents the energy 
equation for the spectrum of the turbulence. We shall write: 


(33a) energy spectrum function H(k) = 2ak? @,, : 


(33b) energy transfer function (in consequence of the ie 
third order correlation within the turbulence) JT(k) = 22k? J; ; 


and further: 


(33c) F(k) =2ak (i, me P,2). 


The total energy of the turbulence is given by [5dk E(k). The “‘vorticity 
spectrum function” is represented by 2k? E(k). 
As is well known we have: 


[ dk T(k) =0. 
0 
We write: T(k) = —dS/dk, with S(0) = S(co) = 0. 
For any function ®(k,, k, k;) it can be proved that 
Leal 
(34) hase = ja ag (i bile®); 


hence, if we put: 


we have: 

F(k) = dQ/dk—42k ®,,. 
Evidently we can assume that (0) = Q(co) = 0. It follows that the 
Reynolds’ stress wu, (which is negative if A is positive) is given by: 


tty = [dk dak? Dy = — [dk F(k). 


Since the total energy transmitted from the mean motion to the 
turbulence in unit time and per unit mass is given by —Auu., we may 
consider AF(k)dk as the energy supplied to the frequency range dk. We 


. . aaa . 
might, however, also use the expression —4ak?A®,,.dk for this purpose, 


P= ——_ abe © ae <Gg u- 
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or some other quantity differing from it by a term which gives zero upon 
integration over the whole spectrum. This is a point which for the present 
must be left undetermined. 

With the notation developed above the energy equation takes the form: 


(35) 22 = — 2B E +1 F — dSidk. 


The first term on the right hand side expresses the loss of turbulent energy 
through dissipation; the second term represents the supply of energy from 
the mean motion; the third term is the energy transfer through the 
spectrum in consequence of the interactions between the various Fourier 
components of the turbulence. The time derivative has been carried only 
to keep in view the meaning of the equation; we shall drop it from now 
on and write: 7) 


(35a) 2k? EH =AF — dS/dk. 


8. In order to have some idea about the relation between F and H 
we observe that the six components of the symmetrical tensor @,,; are 
subjected to the three relations k; ®;, = 0 (compare eq. (24b), Part I). 
It is possible, therefore, to express the ®;; by means of three independent 
functions of k,, k,, kz. If we start by writing ®,, = —k,k,A$, with similar 
expressions for ®,, and ®,,, we arrive at the following representation: 

D,, = kg Al + 2 As 
Dy. = ki AZ + kj AY 
@,, = k? A$ + kg A? 
P,, = —kyk, AS 
D1, = —k, ks Ad 
®,, = —k,k, Ad. 


In view of the symmetry relations valid for the field, mentioned in section 
4, Part-I, the three independent functions A? introduced here must be 
even functions of the k;. More particularly they must not change: 


(a) when the signs of k, and k, are changed simultaneously ; 
(6) when the sign of k, is changed. 


7) Dimensionless variables can be introduced by writing: 
ke = x Jie y¥ 
Di; = Py A? VF? 
E=efP pe » PF =p Jil2ys2 
S=oa/*yr,~ etc., 


where e, ¢, o are dimensionless functions of x, while the ¢;; depend on the various 
components of x. When these expressions are introduced into the equations, the 
parameters 4 and y drop out everywhere. Hence the absolute values of 4 and » 
have no meaning in the problem. There is no dimensionless parameter like the 
REYNOLDS number, since there is no scale of length in the field which is independent 
of 4 and v. In speaking about ‘‘small” or “large’’ values of the wave number, we 
mean numerically small or numerically large values of x. 
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It follows that we can write: 
Ai = A, -— kk, B,, 


where the functions A,, B, will be even in hy, kz, ks separately. §) By means 
of this procedure we can divide every tensor component ®;; into two 
parts, one part depending on the functions A;, the other part depending 
on the B;,. °) 

Considering the components ®,; for which i ~j, we find: 


Diy = —hy ky As — kp k3 Bs 
1, = —kh, kg Ay — ki kak; By 
®,, = —kyk, A, — ky kok, By. 


The term depending on B, occurring in ®,, does not change when the sign 
of any k, is inverted; it is this term on which depends the value of the 
Reynolds’ stress u,%5, since the contribution deriving from the term with 
A, vanishes when integrated over the whole wave number space. 

The terms depending on B, in ®,, and on B, in ®,, have sign relations 
which, although not in contradiction with the symmetry rules of the field, 
lead to peculiar symmetry rules for the parts of uju, and usu, depending 
on them: change of sign of a part of uju, when the sign of &, is inverted; 
and change of sign of a part of ujw; when ae sign of &, is ‘carted It does 
not look probable that there will be such parts in uju and ujus and we 
shall make the assumption that B, and B, are zero. We shall then need 
only four functions of k?, k3, kj; and the tensor ®,; becomes: 


| @, =12A, +A, +k, 1B 
@,. = K2 A, + kA, +h ky B 
@5, = k2 A, +13 A, 
Deh fed eB 


The ©; must satisfy the condition of positive definiteness: !) 


Ae 
°) This is easily proved by considering the combinations 


A? (Ay, kg, ks) Hise A} ( —k,, ke, ks) = 2A, 


v 
{A} (hy, ky, kg) — A2(—ky, ky, ks) }/k, ky = 2 B,. 
®) The case of isotropic turbulence is obtained when the functions B, are zero, 
while the functions A; all three are equal to the same function of k lene (which 
function thus is gpheritally. symmetric in the wave number space). 
10) See G. K. Barcnetor, The Theory of Homogeneous Turbulence, p. 25 
(Cambridge 1953). 


EY 
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for arbitrary complex numbers z, (z¥ being the conjugated complex 


number of z,;). As particular results this condition gives: 


Di, > 0; Dy > 0; Dy > 0 
and 
Py, re Do > 2|Dyp|. 
It follows that A,, Ay, Az all must be positive and that A, must satisfy 
the condition: 


(37) Az > |ky ky Bi. 


Experimental evidence shows that there exists a well measurable 
correlation between u, and u, in the large eddies; hence we are led to 
expect that for small k the term —k?k2 B in ®,, will be at least as im- 
portant as the term —k,k,A,. In other words, the first mentioned term 
must not become small in comparison with the second one when k goes 
to zero; consequently A, must be of the same order as k? B at this end of 
the scale. We can expect that the same will apply to A, and A,,. 1") 

When the expressions (36) are applied to calculate the values of # and 
F. we obtain: 


Sire Ere [cGy ean 8 a eee a eae 
(38a) E = 22k? {(k2 +18) Ag + (k2 +32) A, + (12 +28) Ay}; 
ee ee 
(38b) Q = 2k kk (K+ K)B: 
_————_ 
(38c) Ps 2n |S kik (2 +12)B +20 3kgB 


In view of what has been said above about the order of magnitude of the 
A’s it follows that at the small wave number end of the spectrum both 
E and F are of the order k* B. 

A consequence of this result is that for small k the left hand member 
of eq. (35a) will become insignificant in comparison with the two terms 
appearing on the right hand side, so that the equation approaches to: !2) 
(39) LF = dS/dk. 

41) If we suppose that no component ®,; will become infinite for any ratios 
between the k; when k goes to zero, we are forced to the conclusion that the 
developments of these components in power series will begin with terms of the 
fourth order (or of a higher order), since in this case the lowest order term in B 
must be a finite quantity. 

12) Mathematically it is possible that F might tend to zero more rapidly than 
E or even than k?# in consequence of some particular behaviour of the function 
B. For instance if, by way of example, we assume: 


B = kt" (xk? — Bk) 
(which expression is not spherically symmetric), where m, « and f are pure numbers, 
elementary calculation gives: 


< +8 B o~ ~ i) 
rr Sa [(m+9) We a) + tr 105 }. 
This vanishes if we take B/o = (9m + 102)/(m + 12). However, it does not look 
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Appendix to Section 8 


The simplest instance of non-isotropic turbulence is obtained when we assume 
A, = A, = A; = A and suppose both A and B to be functions of the absolute 
value k of the wave number alone. The components of the tensor ;; then become: 


@,=(8+B)A+h, 3B 
®,,=(8+h)A+hKhk, B 
Py = (ki + 13) A 
@ 
@ 
@ 


w= —hyke A — kp kp B 
w= —hkA 
a3 = — ky kg A, 


I 


and we find: 
4 1 : 
EB=4nkA; F=42(5 B+ si B), 


where B’ = dB/dk. 

The question presents itself whether a similar representation can be obtained 
for the components of the tensor I,;. Since the I; do not, in general, satisfy the 
same continuity relations as the ®;;, the representation takes a more complicated 
form and the application of symmetry considerations is much more difficult. We 
restrict to the following remarks. 

The quantities Y,,;, introduced in section 6, Part I, satisfy the relations: 
k; Yinj = 0 (see 25b). A set of quantities subjected to these conditions can be 
obtained by introducing the tensor of the third order Exim where Ejm = + Ree 
j, l, m form an even permutation of 1, 2, 3; and ¢;,,, = — 1, if 7, l, m form an 
uneven permutation of 1, 2, 3; while ¢ = 0 whenever two (or three) indices are 
equal. We can then write: 


Ae ey 
Ying = Ynis = ¥ Ejum Ki (Zinn + Zim) 


jlm 


where the z,,,, are arbitrary even functions of k,, k,, k, (the even character is needed 
to satisfy the general sign relations to which the Y;,; are subjected). In reality 
this representation uses more auxiliary variables then are needed, since the Yj; 
remain unchanged if we replace the 2,,. DY Zinm + Km Vins Where the q,, are arbitrary. 

The case of isotropic turbulence is obtained when the following values are 
chosen for the 2pm: 


Zinm = Einm ky, ky Daf 0> 


where Y, is an arbitrary function of the absolute value k. 13) With the aid of (25a) 


we then arrive at the following expression for DT; ;: 


T; = (0;; k2 —t he k;) Yr. 
Wiel Yar /05)Y7,. 


probable that such a peculiarity should happen: it is much more reasonable to 
suppose that there is a supply of energy even at the low wave number end of the 
spectrum, which supply will be balanced by the energy transfer term, due to the 
existence of the third order correlations, while dissipation of energy through 
viscous friction becomes of importance only for higher values of the wave number. 

8) An expression for the Y;,,; in the isotropic case is given by G. K. BarcHEtor, 
l.e. (compare footnote 9), p. 54. 
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A simple non-isotropic part, satisfying the symmetry relations mentioned in 
section 4, Part I, is obtained by taking: 


2113 = — 2293 = — Z, 


where Z is a function of k, all other z,,; being zero. The Y,,; then receive the 
following additional terms: 


eee 8% ek Z 


(no additional terms appearing in any other one of the Y;,;); and the complete 
expressions for the I’;; on these assumptions become: 


Py = (+k) Y + 2h kyZ 
Dgg = (ki + ks) Y + 2k, kyZ 
D's3 = (Ai + ke) Y 


(11) 
Typ = —ky ky Y — (ki +k) Z 
peer On Oa g 


Although there is a large amount of arbitrariness in the assumptions made, we 
have arrived at a representation of the main quantities describing the statistical 
properties of the field with four spherically symmetric functions in the wave number 
space: A, B, Y and Z, in such a way that the deviation from isotropic conditions is 
as small as possible. It must be expected that there will be some relation between 
Z and Y, depending on the relation between B and A. And further there must 
be a relation between Y and A, perhaps of a form similar to that which is found 
in isotropic turbulence. 

From the expressions given above we find: 


[, =20Y 4424.2, 
and further: 


=I 


T,=22Y ; T=-—dS/dk =4nk*Y. 


We can now work out all the terms occurring in eqs. (31) and (32). Taking the 
mean values over a surface k = constant we arrive at the following results: 


2A 4 Daa wee ; 

2 —21(MB+ ak B') + 4vktA = 21 Y; 
3 1 : 2 2 

2 + A(eA + A) — B= ZPD, 


where A’ = dA/dk; B' =dB/dk (the first one of these equations, after multiplication 
by 22 k?, becomes identical with (35) for the present case). 

These equations could help us if we would be able to establish two more relations 
between the four functions A, B, Y and Z. 


9. High wave number end of the spectrum. — The hypothesis has been 
expressed by several authors that also in the case of turbulence connected 
with a mean motion there would be an approach to isotropy at high wave 
numbers. This will require that for sufficiently large values of k the 
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quantity B should decrease rapidly in comparison with the three A’s 
used in (36) and that the latter all three should become equal to the same 
function of the absolute value k of the wave number. 

This idea can be applied in the following way. We integrate eq. (35a) 
between the limits 0 and k: 


k ae co 
(40) QvfdkeH = —Auu, -—AfdkF-S. 
0 k 


We now suppose that for large values of & the function F will decrease to 
zero more rapidly than does k?#. For such large k we then may use the 
approximation: 


k a 
(41) Qvfdkieha Au, —S. 
0 


If temporarily u,v, is considered as a given quantity, we have before 
us the equation for the ‘“‘equilibrium spectrum” as studied by HEISENBERG 
and other authors. In the present case there is a rigorous equilibrium, 
since there is a continuous supply of energy from the mean motion and 
the turbulence is of rigorously stationary character (in the statistical 
sense). It is attractive therefore to introduce HEISENBERG’s assumption 
concerning the form of the function S(k): 14) 


(42) S(k) = 2y( fdk k-9? BY) . (dk kB), 
k 0 


where y is a numerical constant. The integral equation for E(k) obtained 
when this expression is substituted into (41) can be solved without difficulty 
according to a procedure first given by Bass. 15) We put: 


k 
(db k* Ea, 
0 
so that H= ky’, where y’ = dy/dk. With the notation —Auu,= W 


(which quantity is a constant having the same dimensions as /2v) equation 
(40) becomes: 


oy 2vy = W—2yy f dk ks (yp 
k 
from which: 
t die e512 | a 
43a die eos (yt as 
(43a) J (y') ee 


We get rid of the integral by differentiation and obtain the equation: 


y’ 42 


14) Seo G. K. Batonmior, Ic., p. 128, 
15) J. Bass, Comptes Rendus Acad. des Sciences Paris 228, 22 (1949). 
G. K. BAtcHmLor, l.c., p. 129. 


i — a 
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the integral of which is: 

W kel 
The integration constant has been adjusted in such a way that 2»y = W 
for k = co. From this result the spectral energy function is obtained in 
the form: 


8 Wy\2/3 1 
4 ee ee 
oe is fon R528 (1 + 8 v2 k4/3 2 Was * 


According to its derivation this result can be valid only for large k. 
We can get one step further by means of the following reasoning. The 
physical basis for HEISENBERG’s assumption concerning the form of the 
function S is that the mechanism operative in the transfer of energy from 
eddies of wave number k to all eddies of larger wave number is determined 
by the product of the square of the vorticity 2k? into a quantity 


yf dk k-3? BM, 
k 


which should play the part of a kind of “eddy viscosity’. This may 
induce us to suppose that the transfer of energy from the mean motion 
to the turbulence would be given by a similar expression. Since the 
vorticity of the mean motion is equal to A, while it constitutes an “‘eddy”’ 
of infinite size, we are then led to the relation: 


(45) W =y22 f dk k-? BM, 
0 


provided it can be assumed that the integral converges when k goes to 
zero. Since 


W =A dk F(k), 
0 


it is easy to make the further supposition that: 
(46) Feayvik EY . 


It is improbable that this formula can hold down to k = 0, since F/E 
would then go to infinity unless H would become proportional to k~* (or to 
a more negative power). This is incompatible with the results expressed 
by eqs. (38) and in the paragraph following them. It is advisable therefore 
to apply (46) only for sufficiently large values of k and to discard (45) as 
an exact relation. 6) — Formula (46) is compatible with the condition 


16) A similar difficulty is encountered with the expression for S if k approaches 
zero. From (42) it would follow that, for k +0, S would become proportional to 
k°E if (45) should be convergent, or it would become proportional to k°/?#°/? if 
(45) diverges for k + 0. Hence dS/dk would become of order k?# in the first case, 
or of order k?/2#3/2 in the second case. On the other hand, according to (39), we 
expect dS/dk to become of the same order as Ff’, that is, of the order of H itself, 

The possibility that the energy content of the turbulence would diverge for 
ke + 0 cannot be excluded a priori, since such a behaviour might be connected 
with the absence of a macroscale in the field. However, one would not expect a 
proportionality with k-*, but a milder form of divergence. 


23 Series B 


352 
F <i°E if EF decreases less rapidly than k~’ when & goes to infinity. 


When (46) is introduced in (40) the integral of F can be combined with 
the expression for S and instead of (43) we arrive at the equation: 


(47) 2yy = W—y (2+ 2y) f dk bo? (y'). 
k 


This equation can be transformed into one of similar form as (43) by 
writing : 
(48) W=ytsR 5; Wr =W+ re, 


so that W, will be the dissipation in unit time per unit mass in turbulence 
and mean motion together. The result obtained for the spectral energy 
function again has the form given by (44), provided W is replaced by W,. 


10. Equations of Motion for Non-Homogeneous Turbulence. — In order 
to arrive at an equation for the velocity correlation tensor R,; of non- 
isotropic homogeneous turbulence connected with a stationary rectilinear 
mean motion with uniform velocity gradient — equation (17) or (18) of 
Part I of this paper —, we have passed through the more general equation 
(12), referring to non-isotropic and non-homogeneous turbulence con- 
nected with a stationary rectilinear mean motion with a non-uniform 
gradient, as described by eqs. (1) and (2). If we remove all restrictions on 
the form of the mean flow (assuming nevertheless that it will be stationary), 
it can be seen that all steps leading to the development of eq. (12) will still 
be valid with the exception of the comment made below eq. (11). 17) It 
is to be understood, of course, that mean values are now defined as time 
mean values or as ensemble mean values. It is then necessary to add the 
following term to the left hand side of (12): 

3 (U4 + Ui) Ry. 


If we generalize the notation introduced in (16) by writing: 


d E), ihi thi 


\ T,, = : (Si; — Si) 
(49) . 


the resulting equation takes the form: 


Q " Ui oU; 
sp By + (Oh— 0) = Rj; +24 2 By + oe Re, a Ti; — P;; ies PA pd Weal ame — 


7) 9 Ox, ( ihj 


en) 0 
— 3 (se Pf +55 PM) +474, Ry. 


¥ ~ 


om jones St, + Sk) — 


As before the time derivative has been retained only in order to make 


W) Equations (11) themselves naturally still hold. 
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evident the nature of the equation; we restrict to the case of statistically 
stationary turbulence. 


From the equation of continuity the following relations can be deduced 
between derivatives with respect to €; and derivatives with respect to 2;: 


Ry _ «dL WRy | Wy _ 1 Ry 
dg; Om ie Oe, 2 02; 
Sing _ _ 12S. Sing _ | DSH) 
0g; 2 0x; 2 0G; 2 OX; 
Obie or, ort 2 Tarr 
0g; 2 Ou; s 0g; - 2 02; : 

In so far as the correlation functions 
Ry ; Shy ; int 3 T; 4 el oa Pi; 


depend on the &,, we can introduce their Fourier transforms, depending 


on the wave number components ky, ky, k,; these Fourier transforms will 
be denoted by: 


e —y- . —\y- * . —\/— *K ° 
Vij ’ 1 Yi5 ? Tj 3 1 6; ’ 1 6; ’ IT; , 


respectively. The coordinates x, enter into these functions as parameters, 
in a similar way as they appear in the R,, etc. The following relations hold: 


Di = by (Ving — ing) 


inj. 


Ty = k, 6F — k, o*. 


D;, 3 eat Y. 


(51) 


In virtue of eq. (11), Part I, we further have: 
Dj; (u,k) = D(x, —k) 5 Vij(z.k) = Vii (e,—k) 5 OF (x, k) = 67" (x, —k), 


while the equation of continuity leads to the relations: 


k; D;; = +4 ‘y= pa 
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In order to be able to write down the Fourier transform of (50) it is still 
necessary to deal with the dependence of the components U; on the 
coordinates x, and &,. For this purpose we must assume that U, can be 
expanded in a Taylor series, in such a way that we shall have: 


ty = U;,(% — ¢ &) = i = 4p Uny + 4 by Fa Onna — 
= U,(%, +s 34 )= 4 Sp On a 3 £. Ca Ds 99 ir 


with pet See developments for the derivatives (here U;,, = .U;,/dx 
Ura = 02U ,/d% 0%, 3 etc.) 
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Since the Fourier transform of &,R,; is /—12@,,/dk,, with similar 


expressions for terms with more factors or with higher powers in the §,, 
the transformation can be worked out. Its result takes the form: 


ae oa Ono 55 = U noe SESE TE Tovee (k;, By) + 
8 | Oin laa Une 5 = : U0 SET Fosse Dee 
ey Se Us» 53 Sot aE, a a ...| By Ts j + Wl? @ = 
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In view of the apparent necessity of expressing the mean velocity as a 
Taylor series in order to obtain this equation, it must be considered 
unlikely that it can be used as a tool for deriving the distribution of the 
mean velocity in particular cases. It is to be hoped, rather, that an 
investigation of the form of the equation may shed some light on the 
fundamental problem concerning the interaction of the turbulence with 
the mean flow. 

It may be noted that even in the case of non-homogeneous turbulence 
we have: 


0) 1 ry) r) PT IS ST ST 
T..(0 =[s om, oi =5|(4-=) aut =e 7) | a 
iy (9) oF, | ing ~Sini) eae ae (Uj; Up, Ww; — U;, Up, U; ) ae 0. 
Consequently the tensor I',,(v,k) may be interpreted as an agent 
effecting a transfer of energy in the wave number space without altering 


the total energy — similarly to its meaning in the homogeneous case. 


PALEONTOLOGY 


NOTES ON SPECIMENS OF STYLASTER MOORABOOLENSIS 
(HALL) IN THE COLLECTION OF THE MANCHESTER MUSEUM 


BY 


H. BOSCHMA 


(Communicated at the meeting of June 27, 1953) 


The Manchester Museum possesses an important collection of Stylas- 
terina, chiefly consisting of specimens that became available during the 
investigations on corals of the group by the late Professor Sypnry J. 
Hicxson. I am much obliged to Professor H. GRAHAM CANNON, Chairman 
of the Committee of Management of the Manchester Museum, for placing 
this collection at my disposal for further research. Moreover, thanks are 
due to Mr L. Birron, assistant keeper of zoology of the Manchester 
Museum, who took great care in packing the fragile specimens for safe 
shipment abroad. 

The present paper deals with six fossil specimens belonging to the 
species described as Deontopora mooraboolensis by HALL (1893); additional 
material was dealt with in detail in a following paper (HALL, 1898). To 
the rather elaborate descriptions in the cited papers little can be added 
of primary importance; the photographs in the present paper, however, 
show some more exact details than the rather sketchy original drawings 
(Hat, 1893, Pl. XIII figs. 1-3). In a previous paper (Boscuma, 1951) 
I came to the conclusion that the fossil coral is a species of the genus 
Stylaster ; a comparison of the specimens with a recent species of the genus 
led to a definite confirmation of this conclusion. 

The label of the six specimens reads: “‘Deontopora mooraboolensis Hall. 
Tertiary (Eocene) Victoria, Australia. Proc. R. 8. Vict. V. 1893. p. 117”, 
in their general appearance they show the following peculiarities. 

1 (PL I figs. 1, 11; text-fig. lc, e, f). A well preserved branch with 
two side branchlets, one of fairly large size, the other broken off at its 
base; with ten cyclosystems, and numerous open ampullae. Length 
6.9 mm, thickness 1.3 mm. 

2 (Pl. I figs. 2, 3, 4; text-fig. 1h,7). A well preserved branch with 
eleven cyclosystems and eleven ampullae, four of these are in a perfect 
state of preservation, the others show smaller or larger fractures of the 
wall. Length 7.8 mm, thickness 1.2 mm. 

3 (Pl. I figs. 5, 6, 12, text-fig. 1 a, d). A well preserved terminal branch 
with seven cyclosystems, without ampullae. Length 5.7 mm, thickness 
0.8 mm. 
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4 (Pl. I fig. 7). A slightly worn fragment, with nine indistinct cyclo- 
systems and numerous open ampullae. Length 6.3 mm, thickness 1.8 mm. 

5 (Pl. I figs. 8, 9; text-fig. 1b, g). A branch with one side branchlet, 
broken off at its base; with ten cyclosystems and numerous open ampullae 
in rows alternating with those of the cyclosystems. Length 5.4 mm, 
thickness 1.2 mm. 

6 (Pl. I fig. 10). A slightly worn fragment, with eight rather indistinct 
cyclosystems, the remainder of the surface almost entirely covered with 
open ampullae. Length 6.5 mm, thickness 1.3 mm. 

The fragments indicate that the shape of the colony was similar to 
that of most recent species of the genus Stylaster; the side branchlets 
extend from the main branch at nearly right angles. The cyclosystems 
are regularly arranged in two rows on opposite sides of the branches. 

The exsert marginal parts of the cyclosystems are partly or wholly 
broken off. In one specimen (PI. I figs. 2, 3, 4) a portion of some of the 
cyclosystems distinctly protrudes over the surface of the branch; as a 
rule, however, only the basal part of the cyclosystems remains, not 
noticeably extending over the surface. Owing to the broken condition 
of the cyclosystems the present shape is different from that in the living 
animal, consequently the measurements as here given do not exactly 
correspond with those of undamaged specimens, the diameter of the basal 
part being slightly smaller than that of the marginal region. 

One of the specimens is a terminal branch of a zigzag shape with six 
cyclosystems (Pl. I figs. 5, 6, 12). The topmost cyclosystem forms the 
end of the branch, it has 13 dactylopores, regularly arranged in a circular 
row around the gastropore (text-fig. 1d). The other cyclosystems are of 
a more or less oval shape, they have up to 18 dactylopores (text-fig. 1 a). 
Though in these cyclosystems the ring of dactylopores is complete, those 
of the upper part are at greater distances from each other than those 
of the lower part, so that a tendency towards an adcauline diastema 
becomes apparent. 

In all the other specimens, fragments of somewhat older branches, 
the cyclosystems have a large adcauline diastema, with the exception 
of one (PI. I fig. 2, text-fig. 1h, lower part of the figures), in which there 
is one dactylopore in the median part of the upper region. 

The cyclosystems of the terminal branch have a transverse diameter 
of 0.8 to 0.9 mm, in the older branches the transverse diameter varies 
from 1.0 to 1.3 mm. The gastrostyle chamber of the gastropore has a 
transverse diameter of 0.3 to 0.5 mm, from the top of this chamber the 
gastropore gradually widens towards the marginal region. The dactylopores 
have a width of about 0.1 mm. In most of the gastropores small particles 
of shells or sand are rather firmly attached to the margin; to avoid damage 
to the specimens it was thought advisable not to remove these, especially 
because the remnants of a gastrostyle, faintly visible in some of the 
gastropores, showed a worn off surface. Remnants of dactylostyles are 
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Fig. 1. Stylaster mooraboolensis (Hall), parts of branches with comparatively 
distinct cyclosystems. x 12. 


Parts of branches of specimens identified by Hickson and ENGLAND 


Fig. 2. 


(1905) as Stylaster eximius facies minor, irregularis, and dentatus, in slightly oblique 
view to show the exact shape of the margins of the cyclosystems. In c there are a 
few ampullae at one side of the branch. x 12. 
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to be seen in some of the dactylopores; owing to the slightly worn state 
of the fragments these fragile structures too have not preserved their 
original shape. 

The figures show the variation in shape of the cyclosystems and the 
gradual increase of the diastema during further development. In the 
youngest fragment there is not a distinct diastema (Pl. I figs. 6, 12), 
in a somewhat older specimen it is present in almost all the cyclosystems 
(Pl. I figs. 2, 3, 4), in another branch of similar thickness the diastema 
is wide in all the cyclosystems (PI. I figs. 8, 9), and in a slightly thicker 
branch the diastema is’so wide as to reduce the row of dactylopores to 
a semicircle (Pl. I fig. 1). 

One cyclosystem in one of the larger fragments (PI. I fig. 1, text-fig. 1 e) 
is peculiar as it has a diastema at each side. It occurs in the axilla of a 
branch with a side branchlet, the row of dactylopores now is divided 
into two separate sets, one of four and one of five, each at one side of 
the bifurcation. Cyclosystems of a similar configuration are known to 
occur in some of the recent species of the genus. 

Parts of the fragments with the most distinct cyclosystems are shown 
in text-figure 1, more or less diagrammatically, especially as far as 
concerns the shape of the dactylopores; the numbers of the dactylopores 
of the figured cyclosystems are: 18, 17, 10, 10, 11, 13, 12, 13, 13, 13, 13, 
9, 8, 10, 11, 11, 11, 15, 10, 11, 15, 14, 13, 16, 12, 12, 16, and 14, yielding 
an average of 12.5. This number for the average, based as it is on scanty 
data, may be regarded as only approximately correct. From the figures 
appears that generally the number of dactylopores of the cyclosystems 
diminishes in the course of development, the smaller numbers occurring 
on the thicker branches. Moreover the drawings show that the shape of 
the cyclosystems gradually becomes broader and more pronouncedly 
crescentic in those of the thicker branches. 

All the fragments except the terminal branch have a fairly large number 
of ampullae; these are best preserved in one of the specimens (Pl. I 
figs. 2, 3, 4). The ampullae occur in longitudinal rows alternating with 
the rows of cyclosystems, in the thicker branches a few ampullae may 
occur also on the surfaces bearing the cyclosystems (PI. I figs. 1, 7). The 
few ampullae that are still in an undamaged state have a hemispherical 
shape (Pl. I figs. 3, 4), they have a smooth surface, not being covered 
with spines. In one there is a small round opening in the basal region, 
the others have an entirely solid wall. The diameter of the ampullae is 
about 0.75 mm. 

Most of the ampullae are broken, then they appear as shallow cavities 
surrounded by a short upstanding rim (PI. I figs. 1, 7). In a slightly more 
worn condition all that remains of the ampullae is an inconspicuous 
depression of the surface (middle part of Pl. I fig. 11). 

The whole surface of the coenosteum has rows of distinct small pores 
that are arranged chiefly in longitudinal rows, giving a striated appearance 
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to the surface. These rows of pores continue along the bottom of the 
ampullae; on the tops of the ampullae the pores are more or less irregularly 
scattered, not arranged in distinct rows. In the gastropores the rows of 
pores have a tendency towards a transverse direction (Pl. I figs. 6, 9). 
Each row of pores lies in a shallow groove, so that the surface appears 
to have a system of minute ridges, mostly parallel to each other in the 
longitudinal direction. In the space of 1 mm of the surface there are 
from 16 to 20 of these small ridges. 

In text-figure 2 parts of branches of a thickness corresponding with 
that of the fossil fragments are drawn of specimens from the Siboga 
Expedition, identified by Hickson and ENGLAND (1905) as Stylaster eximius 
Kent. The branches were kept in a slanting position so as to have the free 
margin of the cyclosystems in the plane of drawing. The dactylopores 
are here represented as black dots, the dactylotomes connecting the 
dactylopores with the gastropore are omitted. In these semidiagrammatic 
figures, representing a projection of the cyclosystems, owing to the 
slanting position of the stalks the cyclosystems are nearer to each other 
than in reality. 

The drawings of text-figure 2 show a striking resemblance to those 
of the fossil specimens of text-figure 1, though in the latter figure the 
basal region, in the former the topmost parts of the cyclosystems are 
shown. The figures represent parts of branches of three of the “‘facies”’ 
of Stylaster eximius Kent (names as used by Hickson and ENGLAND, 
1905): a terminal branch of the facies minor, Siboga Exp., Sta. 315 
(fig. 2 a), two branches of the facies minor, Siboga Exp., Sta. 166 (fig. 2 5, c), 
two branches of the facies irregularis, Siboga Exp., Sta. 310 (fig. 2 d, e), 
and two branches of the facies dentatus, Siboga Exp., Sta. 144 (fig. 2 f, g). 
For these drawings parts of the branches were selected that show numerous 
incomplete cyclosystems, this condition is generally found in branches 
of an approximately equal thickness as the fossil fragments of text- 
figure 1. The three facies here represented together form a more or less 
homogeneous group, for Hickson and ENGLAND (1905) remark that the 
facies irregularis forms an intermediate stage between the facies dentatus 
and minor. 

Though the dactylopores of the specimens of text-figure 2 are distinctly 
smaller than those of the fossil specimens of text-figure 1, the larger 
diameter of the cyclosystems and the number of dactylopores in each 
of these is of the same order. The transverse diameter of the figured 
specimens of the facies minor is 0.75-0.9 mm (0.8 mm), of the facies 
irregularis 0.8-1.1 mm (0.8 mm), of the facies dentatus 0.8-1.1 mm (often 
1 mm); the figures in parentheses are from Hickson and ENGLAND. 
The numbers of dactylopores of the figured specimens are: 16, 14, 15, 
Pint res es 1 te) 13,916, 10; 11, 12, 11, 11, 10, 
11, 12, 11, 11, 12, and 11, with an average of 11.9. The figures here given 
closely correspond with those of the fossil specimens. 
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Here again in a young branch (text-fig. 2a) there are complete cyclo- 
systems, showing a continuous ring of dactylopores. In older branches 
the cyclosystems become incomplete, bracket-like in the terminology of 
Hickson and Encuanp, horseshoe-shaped in the terminology of Brocx 
(1936). Rrrcoure (1911), who identified corals from off the East coast of 
Australia as Stylaster eximius, observes: “The cyclosystems are in general 
bilaterally symmetrical, the lower lip bracket-shaped and projecting, 
the upper with very few septal divisions. They are almost crescentic 
in shape, the long axis lying across the direction of the branch”. (Le., 
p. 868). The passage here quoted is applicable to the recent specimens 
of text-figure 2 as well as to the fossil specimens of text-figure 1. 

In their descriptions of the material identified by them as Stylaster 
eximius, the various authors arrive at a certain diversity of statements. 
From the data supplied by Hickson and ENGLAND (1905) it appears 
that incomplete cyclosystems are the rule, complete cyclosystems are 
mentioned for the older parts of one of the four different “‘facies” of 
the species only, viz., the facies altus. In Rrrcutx’s material of the species 
(cf. quotation above) apparently the majority of the cyclosystems proved 
to be incomplete, on the other hand in the material examined by BrocH 
(1936) the majority of the cyclosystems are complete, this being the rule 
for Brocu’s forma typica and for his forma atlantica. It is, therefore, 
not altogether certain that all the specimens described in the three cited 
papers are representatives of one species. 

Hickson and ENGLAND (1905) and Brocu (1936) describe the surface 
of their specimens as smooth, showing fine longitudinal striations; rows 
of minute pores do not occur, so that in this respect there is a distinct 
difference from the fossil specimens. In Rircuin’s notes on Stylaster 
extmius no data are given concerning the structure of the surface of the 
coenosteum, so that it is unknown whether this is smooth with longitudinal 
striations or provided with rows of pores, an important character to 
decide whether or not the recent specimens from off the Australian coast 
are specifically different from the fossil specimens dealt with here. 

Attention must be drawn to the fact that, if the material dealt with 
by the cited authors is correctly identified, the species must bear the name 
Stylaster duchassaingii Pourtalés instead of Stylaster eximius Kent (cf. 
Boscuma, 1951). In all probability, however, the material was not 
correctly identified. PourRTALES (1867) states that his new species Stylaster 
complanatus approaches nearly to S. elegans Duch. et Mich. (for which 
the new name S. duchassaingii was proposed by Pourratps in the cited 
paper); but whilst the last named has circular cyclosystems, those of the 
first named are compressed ; from a later paper (POURTALS, 1871) it appears 
that this compression causes the transverse diameter to become appreciably 
larger than the longitudinal diameter. The figures of S. duchassaingii 
(PourTALES, 1871, Pl. VI figs. 1, 2) are not sufficiently detailed to show 
the exact differences from S. complanatus. 
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Hickson and En@ianp (1905, pp. 9/10) remark under Stylaster eximius 
facies altus: ‘The specimen drawn and described by DucHassarina and 
MicHELorrtr probably belongs to this facies. There are a few ampullae, 
but the method of growth is active. PouRTALHs figures and gives a very 
short description of another small specimen of this variety”. This decision 
was evidently based on the superficial likeness of the figure of DucHassaIna 
and MicHexorti (1864, Pl. IX fig. 4) to the fairly large specimens of the 
facies altus, and on the similarly general resemblance of PourTaLns’s 
figures of S. duchassaingii to these specimens; the fact that the last 
named species has cyclosystems of a circular shape in contradistinction 
to the compressed ones of S. complanatus forms a strong argument against 
the correctness of the identification by Hickson and Eneuanp. Later 
authors who used the name Stylaster eximius (RiTcHIE, 1911; Brocu, 
1936) apparently accepted this name because their specimens corres- 
ponded in every important detail with those described by Hickson and 
ENGLAND. 

The type specimen of Deontopora mooraboolensis came from the Eocene 
grey clays, Orphanage Reserve, Fyansford, Geelong (HALL, 1893, p. 120); 
the complete list of localities of the species as recorded in a later paper 
(Hatt, 1898, p. 177) is ‘““Hocene: Orphanage Hill, Fyansford; Filter 
Quarries, Batesford; Cape Otway; Clifton Bank, Muddy Creek. Miocene : 
Grange Burn (Forsyth’s), near Hamilton’. 

For comparison with the data on the fossil specimens in the Manchester 
Museum some of HAtt’s statements may be briefly referred to. In the 
1893 paper the diameter of the cyclosystems is noted as a little over 1 mm, 
the number of dactylopores in a cyclosystem as 12 to 13 usually, whilst 
two cyclosystems of an aberrant type are described, one in the axilla 
of a bifurcation with a row of four dactylopores on each side, and one next 
to a side branch with six dactylopores in one row only. Of the ampullae 
the large size is mentioned, no exact measurements are given; judging 
from the figures the diameter is slightly over 1 mm. In some of the 
ampullae a small aperture was observed at the base, in one instance 
surrounded by a slightly projecting neck, with a thick, definite wall. 

In the later paper (HALL, 1898) young parts of the coral of a zigzag 
form are described with terminal cyclosystems that have the dactylopores 
arranged in a complete ring round the gastropore, whilst the gradual 
change of these into horseshoe-shaped cyclosystems is mentioned. The 
following statement may be quoted (l.c., p. 176): “The gastropores are 
provided with styles, which are short and stout, and in the dactylopores 
a style is represented by a toothed plate on the outer wall. Within the 
gastropore, about the level of the top of the style, is a ring of projecting 
teeth, which thus divide the chamber into two portions an inner and 
an outer’. The measurements of the cyclosystems of Deontopora were 
compared to those of a recent species of Stylaster (referred to as Stylaster sp.) ; 
Hatt (1. ¢., p. 176) arrives at the following results (measurements in mm): 
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Cyclosystem Gastropore Dactylopore 


IDG MN Gb 5b 6S 4 5 8 8 1.0 to 0.8 0.5 to 0.2 0.14 to 0.07 
IOI “Go & ad 6 0 4 % 6 o 4 6 0.6 to 0.5 0.3 to 0.2 0.07 to 0.05 


Finally, Harn concludes that the relation of Deontopora to Stylaster 
is very close, “but the characteristic feature on which the genus was 
founded, namely the absence of dactylopores from the inner side of the 
cyclosystem, is so constant, except in the tips of the growing branches, 
that the retention of the genus appears advisable’. (1. c., p. 177). 

These notes give rise to the following comments. 

The fossil specimens dealt with in the present paper have cyclosystems 
measuring from 0.8 to 1.3 mm, the average number of dactylopores in 
the cyclosystems is 12.5; these data correspond with those given by 
Hat. Of the ampullae Haty does not give exact measurements, so that 
it is not certain that these become much larger than 0.75 mm (about 
the maximum size in the fragments dealt with here). 

Examination of the gastrostyle was generally prevented by foreign 
objects (fragments of shells, grains of sand, or brownish clay) firmly 
adhering to the wall of the gastropore. Attempts for cleaning the gastro- 
pores might have made visible more of the gastrostyles, but because it 
is fairly certain that the surface of the gastrostyles is severely damaged 
by the contact with the mentioned foreign bodies, it was thought advisable 
to leave the material as it is. In some of the cyclosystems the gastrostyle 
is visible, but apparently the surface is rather worn and rubbed off. 
This may be the reason why Hau characterizes the gastrostyle as short 
and stout. The ring of projecting teeth at the top of the gastrostyle 
chamber, mentioned by HALL, is also visible in some of the gastropores 
in the material dealt with here. Remnants of dactylostyles are still present 
in many of the dactylopores, the spines entirely broken off. 


EXPLANATION OF THE PLATE 


The figures represent the six fragments of Stylaster mooraboolensis (Hall) in the 
collection of the Manchester Museum. x 12. 


Fig. 1. Fragment with two side branchlets. 

Fig. 2. Fragment with the best preserved cyclosystems and ampullae. 
Fig. 3. Fragment of fig. 2, side at right angles to that of fig. 2. 

Fig. 4. Fragment of fig. 2, opposite side. 

Fig. 5. Terminal fragment. 

Fig. 6. Fragment of fig. 5, side at right angles to that of fig. 6. 
Fig. 7. The oldest fragment. 

Fig. 8. Fragment with basal part of one side branchlet. 


Fig. 9. Fragment of fig. 8, opposite side. 

Fig. 10. Rather worn fragment with numerous ampullae. 

Fig. 11. Fragment of fig. 1, side at right angles to that of rR JI 
Fig. 12. Fragment of fig. 5, side opposite to that of fig. 6. 


CHMA: Notes on specimens of Stylaster mooraboolensis (Hall) 
in the collection of the Manchester Museum 
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The recent species of the genus Stylaster that was compared by Hau 
to the fossil specimens apparently was one with very small cyclosystems. 
Hickson and ENGLAND (1905), Brocu (1936), and Fisuer (1938) describe 
many species of the genus in which the cyclosystems have a transverse 
diameter of up to 1 mm or even may develop to a larger size. Moreover, 
the dimensions of the cyclosystems of the recent species dealt with in 
the present paper are but slightly smaller than those of the fossil specimens; 
in this connexion it must, however, be kept in mind that in the fossil 
specimens the diameter of the cyclosystems originally must have been 
larger than it appears now, because the basal parts only are preserved. 
The gastropore width is of about the same order in the recent species 
and in the fossils dealt with here; a glance at the text-figures 1 and 2 
shows that the dactylopores of the fossil specimens are decidedly wider 
than those of the recent. 

The differences noted here, however, are of value as specific characters 
only; there is no reason to keep the generic distinction of the two forms. 
The important characters separating the fossil specimens from the recent 
species of Stylaster dealt with here are the slightly different size of the 
cyclosystems, and especially the different structure of the surface. On 
account of its distinct rows of pores the fossil species has a specific character 
that separates it from the other known species of the genus Stylaster. 
The conclusion arrived at in a previous paper (BoscuMa, 1951) therefore 
proves to be correct, so that the fossil species must be named Stylaster 
mooraboolensis (Hall)or Stylaster (Stylaster) mooraboolensis (Hall), depending 
upon the opinion whether Stylaster s.s. is regarded as a genus or as a 
subgenus. 
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THE CHEMISTRY OF ACETYLENIC ETHERS 
PART IIL) 


THE REACTIONS OF ETHOCYACETYLENE WITH ALCOHOLS 
AND PHENOLS 


BY 


TH. R. RIX anv J. F. ARENS 


(Communicated at the meeting of September 26, 1953) 


Summary 

Under the catalytic influence of borontrifluoride, ethoxyacetylene I 
reacts with alcohols or phenols, yielding the acetate IV together with the 
ethylether V of the hydroxy-compound used. 


BF, /00,H, ROH // 00H; BF; 
HC=C—00,H,+ROH > H,C=CC Mey ree es 
‘OR Nor 
I rat UL 
O 
HO=ce | (tn =o2o 
SOR 
IV 4 


At room temperature and in the abscence of catalysts no reaction 
occurs between ethoxyacetylene I and alcohols or phenols. 

However, Jacosps and associates?) found that in the presence of 
BF,—HgO ethoxyacetylene reacts with ethanol, yielding ethylacetate and 
diethylether. Ethylorthoacetate (III R = C,H;) was supposed to be an 
intermediate product. It was shown by McKenna and Sorwa 3) that 
. ethylorthoacetate is indeed decomposed by boronfluoride to ethylacetate 
and diethylether. It seemed to be interesting, to study the addition of 
other hydroxy-compounds to ethoxyacetylene, as in that case the inter- 
mediate III should be a mixed orthoacetate and the decomposition could 
proceed in two ways: 


O 
=H, — OG + R—O—C,H,; (reaction A). 
OC,H ee. 
ox ‘gtd s - y 
H,c—C< —OR BF, IV \ 
SOR O 
—>H,C —Ce +R—O-—R (reaction B). 
OC,H, 
VI VIL 


1) Parts I and II, this Journal 53, 1163 (1950). 
*) Tx. L. Jacoss, RK. CRAMER and J. E. Hanson, J. Am. Chem. Soc. 64, 223 (1942). 
*) J. F. Mc. Kenna and F. J. Sorwa, J. Am. Chem. Soc. 60, 124 (1938). 
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We investigated the addition of n-butanol, n-hexanol, phenol and picric- 
acid to ethoxyacetylene and found that the main products correspond to 
reaction A. 

Small amounts of ethylacetate VI are always formed, however. Possibly 
also reaction B occurs to some extent, although we were unable to isolate 
the ether VII. 

For the reactions with n-butanol, n-hexanol and phenol, boronfluoride- 
etherate was used as a catalyst. The reaction with the strongly acidic 
picric-acid proceeded without a catalyst. 

We found that sodiumethoxide can be used to catalyse the reaction of 
ethanol with ethoxyacetylene. In this case ethylorthoacetate (III 
R = C,H;) can be isolated. 


EXPERIMENTAL PART 


Unless otherwise stated, all distillations were performed at 700 mm 


In all experiments described below, a solution of ethoxyacetylene in 
abs. ether was stirred in } hr into a cooled mixture of the hydroxy- 
compound, abs. ether and boronfluoride. After standing for 1 hr the 
reaction mixture was washed with a solution of potassiumcarbonate to 
remove the boronfluoride, then it was dried and fractionally distilled 
through a 20 cm column packed with glass helices. 

In the fractions with the appropriate boiling points the content of the 
ester was estimated by saponification with a known amount of sodium- 
hydroxide and back titration of the excess of this base. 

The ethylether of the hydroxy-compound used was isolated by distil- 
lation of the unsaponifiable parts of the above fractions. 


1. Experiment with n-butanol 

We used 28 g ethoxyacetylene (0,4 mole), 29,6 g n-butanol (0,25 mole) 
and 10 ml boronfiuoride-etherate dissolved in 100 ml abs. ether. 

The ethoxyacetylene was used in excess in order to avoid unchanged 
butanol in the reaction mixture, as this alcohol would cause azeotropism 
during the distillations. 

We obtained the following fractions: 


a. 69,5-93°, 5,4 g, containing 1,8 g ethylacetate (0,02 mole = 17 % of 
the theoretical yield of reaction B). 

b. 93-140°, 19,0 g, containing 8,5 g n-butylacetate (0,07 mole = 58 % 
according to reaction A). 

c. residue, 10 g (probably consisting of polymers of ethoxyacetylene). 


From the unsaponifiable parts of a and b we obtained 5,5 g n-butyl- 
ethylether (0,054 mole = 43 %), bp 89-92°, nj’ 1,3802 (according to 
literature bp 90-93°, nj’ 1,3818). 

No di-n-butylether could be obtained. 
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2. Experiment with n-hexanol 

We used 23,4 g ethoxyacetylene (0,33 mole), 33 g n-hexanol (0,32 mole), 
10 ml boronfluoride-etherate and 100 ml abs. ether). 

The following fractions were obtained: 


a. 60-100°, 4,8 g, containing 1,2 g ethylacetate (0,013 mole = 8 %). 
b. 100-180°, 28g, containing 11,2 g n-hexylacetate (0,077 mole = 48 %). 
c. residue, 10,2 g. No di-n-hexylether was obtained. 


From the unsaponifiable parts of a and b we obtained 7,8 g n-hexyl- 
ethylether (0,06 mole = 37%), bp 135-142°, n> 1,4110 (according to 
literature bpzg, 140,7-142,7, nj? 1,4013). Redistillation of our product 
(contaminated with n-hexanol) yielded 4,1 g with bp 137°-140°, ni} 1,4054. 


3. Experiment with phenol 

We used 28 g ethoxyacetylene (0,4 mole), 37,6 g phenol (0,4 mole) and 
10 ml boronfluoride-etherate diluted with 100 ml abs. ether. 

Unchanged phenol was removed by washings with cold dilute sodium- 
hydroxide. 

From these extracts 9 g phenol was recovered. 

The washed ethereal solution was carefully evaporated and the residue 
distilled in a 1 m column packed with helices. We obtained the following 
fractions: 


a. 60-100°, a few drops smelling like ethylacetate. 
b. 100-168°, 5 g. 

c. 168-173°, 10 g consisting mainly of phenetole. 

d. 173-188°, 6 g. 

e. 188-193°, 17 g consisting mainly of phenylacetate. 


Fraction c yielded phenetole on redistillation. Yield 6 g, bp 169°-171°, 
ny 1,5021 (according to literature bpy— 172°, ni} 1,5076). 

Fraction c on redistillation yielded phenylacetate. Yield 6,2 g, bp 190- 
193°, nj 1,498 (according to literature bp 196°, n2 1,503). 

4. Hxperiment with picric-acid (without a catalyst) 

A solution of 7 g ethoxyacetylene (0,1 mole) in 15 ml abs. ether was 
added dropwise to 20 g dry picric-acid (0,09 mole). 

Heat was evolved and the ether refluxed. After an additional 2 hrs 
heating a dark brown solution was obtained. The ether was evaporated 
and the solid residue treated with 75 ml methanol. Ethyl-picryl-ether 
remained undissolved and was filtered out. Yield 10 g (87 %), mp 67-74°; 
after recrystallisation from abs. ethanol, mp 78-80,5°. 

The methanolic mother liquor was treated with concentrated ammonia 
and ice. In this way the picrylacetate, which cannot be easily isolated, was 
transformed into picramide. Yield 8,5 g, mp. 186,5-188° (after recrystal- 
lisation from acetic acid). 
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5. Reaction between ethanol and ethoxyacetylene with sodiumethouide as a 
catalyst 


7 g ethoxyacetylene (0,1 mole) were refluxed during 30 hrs with a 
solution of 100 mg sodium in 25 ml abs. ethanol. 

Then the reaction mixture was distilled. We obtained ethylortho- 
acetate, bp 140-143°, Se 1,3924 (according to literature bp 144-146°, 
n> 1,3948). Yield 7,1 g (44 %). 
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THE CHEMISTRY OF ACETYLENIC ETHERS 
PART IV?) 
ETHYL-«-CHLOROVINYL-ETHER AND ITS REACTIONS WITH 
ALCOHOLS AND PHENOLS 


BY 


TH. R. RIX anv J. F. ARENS 


(Communicated at the meeting of September 26, 1953) 


Summary ' 

Ethyl-«-chlorovinyl-ether II, prepared by the addition of hydrogen 
chloride to ethoxyacetylene I, reacts with hydroxy-compounds via the 
hypothetical intermediate III either to ethylchloride and the acetate of 
the hydroxy-compound (reaction A), or to ethylacetate and the chloride 
IV (reaction B). 


ye 
HC=C—OC,H,; + HCl — HC=O" 
Cl 
iT rh 
/ OCs fe 
He C= 4 + ROH —+> | H.C — CCl ] 
Cl No —R 
TT 
O 
Ve 
H,C — of +C,H;Cl (reaction A). 
OR 
IO 
Pee 
—>H,C — oe + RCI (reaction B). 
OClHE 
IV 


Reaction B is favoured if R is more strongly electron repellant than the 
ethylgroup (for R = benzyl or triphenylmethyl). If R is less strongly 
electron repellant than the ethylgroup, or accepts electrons, reaction A 
is favoured (for R = cyclohexyl, phenyl and f-naphty]). 


The preparation of ethyl-x-chlorovinyl-ether by the addition of hydro- 
genchloride to ethoxyacetylene I is described by FavorsKy and Sxcuv- 
KINA ”). 

Very little is known about the reactions of this ether. The Russian 


*) Part Ill, This Journal 56, 364 (1953). 


*) A. E. Favorsxy and M. N. Suonuxra, J. Gen. Chem. U.S.S.R. 15, 394 (1945), 
Chem. Abstr. 1946, 465738. 
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authors only say that the compound reacts violently with water under 
the formation of hydrogenchloride and ethylacetate. 

A reaction also is described between ethoxyacetylene and an alcoholic 
solution of hydrogenchloride. Ethylacetate and ethylchloride are formed. 
Very probably ethyl-a-chlorovinyl-ether is an intermediate product, and 
the reaction proceeds as pictured above for reaction A (R = C,H,). 

The compound III, assumed to be an intermediate product, is a deriva- 
tive of ortho-aceticacid. The same compound was considered by Mc. 
Etyarn and his associates *) as being an intermediate product in the 
formation of ethylacetate and ethylchloride from the acetal of ketene IV 
and hydrogenchloride: 


// OCs OC,H; va 
H,C=CC + HCl > | HC -0——O ] + H,C—0€ + C,H,Cl 
OC,H,; \oc,H, OC,H; 
IIL 


It was interesting to study the reaction of ethyl-x-chlorovinyl-ether II 
with various hydroxy-compounds. In that case III contains two different 
alkoxy-groups and the decomposition can proceed along two different 
routes, the reactions A and B (see formulas in the summary). 

For this reason we treated ethyl-«-chlorovinyl-ether with benzylalcohol, 
cyclohexanol, triphenylearbinol, phenol and #-naphtol. 

With benzylalcohol reaction B is favoured, as much benzylchloride is 
obtained together with a smaller amount of benzylacetate (reaction A). 

Triphenylearbinol also reacts according to reaction B and triphenyl- 
chloromethane is isolated. 

With cyclohexanol on the other hand reaction A is favoured. 

It is interesting to note that preferably the most reactive chloride is 
formed. This is in agreement with the fact, that from ethyl-«-chlorovinyl- 
ether and phenol c.q. f-naphtol, phenylacetate and ethylchloride c.q. 
p-naphtylacetate and ethylchloride are obtained as reaction products 
(reaction A). 

Picric acid does not react with a solution of ethyl-«-chlorovinyl-ether 
in absolute ether or benzene. An experiment with boronfluoride as a 
catalyst also gives a negative result. 

We cordially thank Mr Lizm Enc Kim for technical assistance. 


EXPERIMENTAL PART 


(all distillations at 700 mm unless otherwise stated) 


1. LEthyl-x-chlorovinyl-ether 
Into a solution of ethoxyacetylene (21,9 g, 0,31 mole) in 150 ml of 
absolute ether, containing some hydroquinone, (to prevent polymerisation 


3) H. M. Barnes, D. Kunpicer and S. M. Mc. Exvatn, J. Am. Chem. Soc. 62, 
1281 (1940). 
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of the ethoxyacetylene), dry hydrogen chloride gas was passed in an 
amount of slightly more than one equivalent by mole of ethoxyacetylene. 
During this addition the mixture was stirred and cooled in ice. Required 
times Lahr 

Then the mixture was distilled, while a small Vigreux column was used. 
After a forerunning of ether, the ethyl-«-chlorovinyl-ether was collected 
as a fraction with bp 86-89°. Yield 16 g (48 %). 

A sample, purified by repeated distillation, showed the following con- 
stants: 


bp 87-88° n° 1,4134 (lit. bp 88-90°, n>) 1,4208) 


The pure ether constituted a mobile, clear liquid, fuming in contact 
with moist air. It reacted violently with water and had a pungent odour. 


2. Reaction of ethyl-x-chlorovinyl-ether with benzylalcohol 


A solution of ethyl-«-chlorovinyl-ether (2,7 g, 0,025 mole) and of benzyl- 
alcohol (2,7 g, 0,025 mole) in 75 ml abs. ether was refluxed for 8 hrs (cal- 
cium chloride tube at the open end of the reflux condenser). 

After standing overnight the mixture was distilled, while a small 
Vigreux column was used. The following fractions were obtained: 


a. fore running of ether. 
b. bp 67-71° 1 g (44 %), ethylacetate. 
c. bp 176-179° 1,6 g (52 %) benzylchloride, (identified by saponification 
and determination of the Cl-formed). 
d. bp 190-196° 0,8 g (21 %) benzylacetate, (identified by odour and by 
saponification to acetic acid. 


3. Reaction of ethyl-x-chlorovinyl-ether with cyclohexanol 


A solution of ethyl-«-chlorovinyl-ether (2,7 g, 0,025 mole) and of 
cyclohexanol (2,5 g, 0,025 mole) in 75 ml abs. ether was refluxed for 10 hrs. 

The mixture was distilled as in the foregoing experiment and the 
following products were identified: 


a. bp 158-168", mixture of cyclohexanol and of cyclohexyl acetate, 1 g. 
b. bp 168-172°, cyclohexylacetate, 1,7 g (56 %). 


to) 


4. Reaction of ethyl-x-chlorovinyl-ether with triphenylcarbinol 


A mixture of ethyl-«-chlorovinyl-ether (2,7 g, 0,025 mole), triphenyl- 
carbinol (6,5 g, 0,025 mole) and 75 ml abs. ether was refluxed for 5 hrs. 

The carbinol dissolved completely. The ether was evaporated partially 
and the solution cooled. The triphenylmethylchloride crystallised (yield 
4,8 ¢, 69 %) mp 111-113° after recrystallisation from petroleum-ether; no 
depression of the mp after mixing with an authentic sample. Distillation 
of the mother liquor yielded ethylacetate bp 72-76° (yield 1,3 g, 60 %). 
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5. Reaction of ethyl-x-chlorovinyl-ether with phenol c.q. beta-naphtol 


A mixture of ethyl-«-chlorovinyl-ether (2,7 g, 0,025 mole), phenol 
(2,8 g, 0,025 mole) — c.q. beta-naphtol (3,6 g, 0,025 mole) — and 75 ml abs. 
ether was refluxed for 15 (c.q. 10) hrs. Then the solution was cooled and 
washed with cold 2 n sodiumhydroxyde to remove unchanged phenol 
(c.q. beta-naphtol), washed with water and dried over magnesium sulphate. 
After evaporation of the ether, the residue was fractionally distilled (c.q. 
cooled in the naphtol experiment). 

In the phenol experiment 1,2 g (40 %) of phenylacetate bp 189-192° 
was obtained, and in the beta-naphtol experiment 2,9 g (64 %) of beta- 
naphtylacetate crystallized (crude mp 58—70°, after two recrystallisations 
mp 65—68°. No depression of the mp in mixture with an authentic sample 
of beta-naphtylacetate mp 68°,5). 


6. Attempted reaction of ethyl-x-chlorovinyl-ether with picric acid 


By refluxing equivalent amounts of the two substances in ether (10 hrs) 
or in benzene (7 hrs) no reaction occurred. The picric acid could be 
recovered unchanged. Nor did the reaction proceed with the use of boron- 
fluoride-etherate as a catalyst. 
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THE CHEMISTRY OF ACETYLENIC ETHERS 


PART V4) 


THE REACTION OF ETHYL-«-CHLOROVINYL-ETHER WITH 
CARBOXYLIC ACIDS 


BY 


TH. R. RIX anv J. F. ARENS 


(Communicated at the meeting of September 26, 1953) 


Summary 


The reaction of ethyl-«-chlorovinyl-ether I with carboxylic acids leads 
to acid-chlorides II and ethylacetate. 


OC,H, OC,H,; O 
EEO = ce + R—COOH —> E = oa | —> CH, = 4 
Cl OCOR OC,H, 
I III : 
LR -0€ 
Cl 
II 


With formic acid the reaction products are ethylacetate, carbon- 
monoxide and hydrogenchloride. 


Carboxylic acids can react with ethyl-x-chlorovinyl-ether. 

The reaction products are acidchlorides and ethylacetate. In analogy 
with the explanation of the reaction of ethyl-x-chlorovinyl-ether with 
alcohols, where an acetate and an alkylchloride are formed 4), we can again 
assume a hypothetical primary addition product III. 

The reaction with the carboxylic acids requires heating for some hours, 
the reaction time depends on the strength of the acid. Formic acid reacts 
at a rapid rate. In this case, of course, no acid chloride is formed as 
formylchloride is unstable, and decomposes into carbonmonoxide and 
hydrogen chloride. 


We cordially thank Mr Lirm Ena Kim for technical assistance. 


1) Part IV, This Journal 56, 368 (1953). 
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EXPERIMENTAL PART 


(all distillations at 700 mm unless otherwise stated) 


1. Reaction of ethyl-x-chlorovinyl-ether with formic acid 


Formic acid (98-100 % pure, 0,8 g, 0,017 mole) dissolved in a small 
amount of abs. ether was added dropwise to ethyl-«-chlorovinyl-ether 
(1,8 g, 0,017 mole). The experiment was set up in such a way that the 
escaping gases (HCl and CQ) after passing a reflux condensor, could be 
collected above water (HCl dissolving in the water). 

The reaction proceeded with evolution of heat. An amount of 360 ml 
carbonmonoxide was collected (0,016 mole, 94 % yield). 

The mixture remaining in the reaction flask was distilled and yielded 
ethylacetate bp 72-78°, 0,5 g (34 %). 


2. Reaction of ethyl-x-chlorovinyl-ether with acetic acid 


A mixture of ethyl-«-chlorovinyl-ether (2,7 g, 0,025 mole), glacial acetic 
acid (1,5 g, 0,025 mole) and 20 ml abs. ether was refluxed for 3 hrs. By 
careful evaporation of the ether and distillation of the residue we obtained 
the following fractions: 


a. bp 48-52° 1,2 g, acetylchloride (0,015 mole, 60 % yield). 

b. bp 52-77° 0,6 g. 

c. bp 77-84° 1,5 g, mixture of ethyl-«-chlorovinyl-ether and ethylacetate. 
d. bp 84-104° 0,2 g. 

3. Reaction of ethyl-x-chlorovinyl-ether with phenylacetic acid 


A mixture of ethyl-«-chlorovinyl-ether (5,3 g, 0,05 mole), phenylacetic 
acid (4 g, 0,03 mole) and 20 ml abs. ether was refluxed for 19 hrs. By 
evaporation of the ether and distillation of the residue we obtained the 
following fractions: 


a. bp 60-80° 3 g, mixture of ethylacetate and unchanged ethyl-a- 
chlorovinyl-ether. 

b. bp 80-195° 1 g. 

c. bp 195-198° 2,7 g, phenylacetylchloride (0,18 mole, 59 %), ni"* 1,5116. 

d. residue 1 g. 


4, Reaction of ethyl-x-chlorovinyl-ether with benzoic acid 


A mixture of ethyl-«-chlorovinyl-ether (5,3 g, 0,05 mole), benzoic acid 
(4 g, 0,05 mole) and 20 ml abs. ether was refluxed for 19 hrs. By evaporation 
of the ether and distillation of the residue we obtained the following 
fractions: 
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a. bp 60-80° 3,5 g, mixture of ethylacetate and unchanged ethyl-«- 
chlorovinyl-ether. 

b. bp 80-188° 1 g. 

bp 188-190° 3,1 g, benzoylchloride (0,027 mole, 67 %), np” 1,5503. 

. residue 1 g, 


Ss & 
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INVESTIGATIONS IN THE SYSTEMS NaClI-KCl 


BY 


A. J. H. BUNK anv G. W. TICHELAAR 
(Laboratory for Physical Chemistry, Technical University, Delft, Holland) 


(Communicated by Prof. W. G. Burgers at the meeting of June 27, 1953) 


Summary 


NaCl and KCl form a homogeneous series of substitutional mix-crystals 
above about 500° C. Below that temperature the solid solution decomposes 
into a NaCl-rich and a KCl-rich phase. 

In the present investigation, the lattice constants of the homogeneous 
phase were determined by X-ray analysis, as a function of the com- 
position. From these and the lattice constants of the terminal solid 
solutions existing below 500° C, the solubility gap was derived between 
300 and 500° C. 

In addition, the heat of formation of NaCI-KCl solid solutions was 
determined. 

From the solubility gap and the heat of formation, the spinodal in 
the solubility gap was calculated. 


I. THE SOLUBILITY GAP IN THE SYSTEM NaCl-KCl 
(A. J. H. BUNK) 


Introduction 


A first attempt to determine the solubility gap in the system NaCl-KCl 
was made by Kurnakow and ZemczuznyJ [1] by means of the cooling- 
curve method. This method depends on the evolution of heat due to 
phase transition. In the system NaCl-KCl the velocity of this process 
is very small in the neighbourhood of the solubility curve (cf. [2]), 
consequently it may easily lead to erroneous results. The work of 
Kurnakow was later repeated by TamMMANN and Rupps.r [3]. 

More reliable results!) were obtained by Nacken [4], who annealed 
homogeneous mix-crystals at different constant temperatures for times 
long enough for the establishment of the equilibrium state. After each 
annealing the homogeneity was checked optically by the oil-immersion 
method for the determination of the refractive index, the criterion being 
a sharp disappearance of the crystal contours. 

A few direct determinations of points of the solubility curve were made 


1) See, however, footnote 1) on p. 378. 


376 


by this author with pressed powders annealed during several days 
at a temperature within the solubility gap. With the aid of the oil- 
immersion method it was now possible to detect two values for the index 
of refraction of the powder, corresponding to the two terminal solid 
solutions existing in equilibrium with each other at the concerning 
temperature. As Nacken also had determined the index of refraction 
of the homogeneous mix-crystals as a function of the composition, he 
could derive the composition of the terminal solid solutions. The points 
so obtained are shown in fig. 2. 

The method, used in the present X-ray investigation, is very similar, 
the lattice constants of the solid solutions taking the place of the index 
of refraction. The results appear to be in fairly good agreement with those 
obtained by Nacken. 


Results 


The lattice constants of the solid solutions were determined at room 
temperature with the powder method, using filtered Cu-radiation and a 
camera with a diameter of 80 mm. As even traces of water give rise to 
decomposition of the mix-crystals into the pure compounds at room 
temperature, the atmosphere had to be carefully excluded. The solid 
solutions were prepared from NaCl and KCl (‘““Brocades p.a.”) by heating 
a finely powdered mixture (obtained by grounding the melt) in a thin 
walled quartz tube, closed at both ends, at 550° C for at least 20 hours. 
After this, the homogeneous mix-crystals were quenched by dropping 
the tubes in paraffin oil at room temperature. The quartz tubes were 
rotated in a cylindrical camera and the lattice constants of the mix- 
crystals were calculated from the diffraction patterns by means of the 
method of Straumanis. The values thus found are shown in table I and 
fig. 1; there appears to be a positive deviation from Vegards rule. 


TABLE I 
Mole % NaCl Latt. const. in A N° of determin. 

0,00 6,28 6 
12,42 6,205 4 
24,20 6,14 1 
45,95 6,015 1 
56,05 5.945 3 
67,11 5,865 1 
74,83 5,81 1 
83,60 5,75 2 
91,98 5,69 2 
100,00 5,625 4 


The terminal solid solutions in equilibrium at various temperatures 
below the upper consolute temperature were prepared by heating a 
homogeneous mix-crystal, obtained in the foregoing way, at the chosen 
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temperatures for 24 hours. After that, the equilibrium mixture was 
quenched and the two lattice constants appearing in the diffraction 
pattern were calculated. From their values and from fig. 1 the com- 
positions of the equilibrium solutions were derived. The results are shown 


KCI 0,2 0,4 0,6 0,8 NaCl 
mole fraction X 


Fig. 1. The lattice constants of NaCl-KCl mix-crystals as a function of the 
composition. 


in table IT and fig. 2. The inaccuracy may be estimated at + 1,5 mole %. 
The upper consolute temperature (7',) is found at 490° C + 5° C and the 
corresponding composition at 67 mole % NaCl. 


TABLE II 


Comp. of the equil. solid 


solutions in mole % NaCl N* of determin. 


Equil. temp. °C 


Lad 97,9 8 
391 22,9 93,9 Hi 
447 36,6 86,3 5 
466 45,8 80,5 1 
472 47,9 80,9 2 
488 66,5 — 1 
490 Decomposed, but no sharp 


diffraction pattern. 
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From the fact that in all cases of thermal decomposition sharp diffraction 
lines in the final positions were obtained, it follows that this process 


300 


o present investigation 
: e Nacken 
200 S — —spinedal curve 
sete spinodal curve according 
to Scheil and Stadelmaier 


KCI y 0,4 0,6 
mole fraction ¥ 


Fig. 2. The solubility gap in the system NaCl-KCl. 


takes place in a heterogeneous way, giving directly the terminal solid 
solutions. 


Il. THE HEAT OF FORMATION OF NaCl-KCl soLip soLuTrIons !) 
(G. W. TICHELAAR) 


The increase in heat content (heat of formation) AH of NaCl-KCl 
solid solutions of several compositions has been derived from the difference 
between the (liberated) heats of solution in water of the mix-crystals 
(L,,,,) and of the mixture of the pure compounds (L (AH = LD, —L 


come comp * 


1) At the time this investigation was started, we knew only of data for 4H 
for the equimolar composition [1, 7]. Later we became aware of the work of 
Hyv6nen [8] and of Zemozuznys and RAamMBACH [6]; who have determined the 


heat of formation for other compositions (see below). Moreover, HyvénEN mentions 


unpublished results of W. T. Barrerr on the heat of formation and the solubility 
curve of NaCl-KClI solid solutions. We have not as yet encountered the publication 
of these results in the current literature. 
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Experimental 
Preparation of the mix-crystals 


The NaCl and KCl used was “Brocades p.a.’’. Weighed amounts were 
melted together in a platinum crucible in order to make a thorough 
mixture. After cooling, the melt was powdered in a porcelain mortar 
and kept in a dessiccator over P,O;. Thin-walled quartz bulbs, about 
2 cm in diameter, were filled with a weighed amount of the mixture 
(0,03 mole), heated at 550° C for 2 hours to remove possible traces of 
water and closed by melting of the stem. The closed bulbs were heated 
at 550° C for 24 hours after which a homogeneous solid solution was 
formed. (Heating for more than 24 hours did not result in a smaller 
absolute value for the heat of solution, which proves that the equilibrium 
was reached within that time). Quenching in paraffin oil, cooled below 
0° C, gave a metastable mix-crystal that could be kept at room temperature 
for at least one month, as appeared from the constant value of the heat 
of solution. 


A pparatus 1) 

The calorimeter used in this work was of the type possessing an iso- 
thermal jacket analogous to that developed by Coops et al. [5]. Only a 
short description is given here as we hope to publish a more detailed 
account later on. 

A cylindrical calorimeter vessel was surrounded by a jacket at a 
distance of approximately 1 cm. The jacket was kept at constant tempera- 
ture by water running through it. By means of a very sensitive thermo- 
regulator placed in the circuit, the variation in temperature of the water 
was kept within 0,0005° C. The calorimeter vessel was equiped with a 
centrifugal stirrer, which forced the liquid upwards through a cylinder 
concentric with the vessel, and downwards through the annular space 
between the cylinder and the wall of the vessel. In this way a very 
effective stirring was obtained, resulting in a quick heat exchange 
between the vessel and the liquid contained in it and thus a uniform 
temperature all over the vessel a short time after a change in heat content 
took place. 

The calorimeter vessel was mounted on three pivots, two of which 
contained the electric contacts for the heating current used in calibrating. 
The third pivot contained one junction of a copper-constantan thermo- 
couple; the second junction was held at a constant temperature in a 
small dewar filled with paraffin oil and placed in the jacket. The thermal 
e.m.f. was measured by a reflecting galvanometer with a scale at a distance 
of 8 meters. In this way the change in temperature of the calorimeter 


1) The calorimeter was originally constructed by E. L. Macxor, W. J. SteMONS 
and B. M. C. van DER Horr in this laboratory some years ago. We are indebted 
to Professor Coops for advice. 
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vessel was recorded. A displacement of 1 mm of the light-spot on the 
scale corresponded to a heat effect in the vessel of about 0,2 cal, or a 
change in temperature of about 0.0003° C. 


Results 

In all runs 0,03 mole of the salt was dissolved in 600 g water at 25° C 
by crushing a quartz container in the calorimeter vessel. This gave rise 
to an absorbed amount of heat of 25-125 cal, varying with the composition 
of the mix-crystals. The heats of solution of the mixtures were calculated 
from the values found for pure NaCl and KCl. The results obtained 
are shown in table III and fig. 3. It appears that the heat of formation 


TABLE III 
‘ He, 10 d “2 | F 
Comp. in aie & Ey ot Number of | H in 
mole %NaCl (esloulated) cal/mole determin. | cal/mole 

4200 6 | 0 

10 3879 3489 3 390 

20 3560 2852 3 708 

30 3240 2309 2 931 

40 2921 1868 5 1053 

50 2601 1515 6 1086 

60 2281 1221 3 1060 

70 1962 1004 3 958 

80 1642 892 4 750 

90 1323 854 2 469 
100 1003 5 0 


can be expressed reasonably well as a function of the composition x 
(mole fraction NaCl) with the formula: 


(1) AH = a(1—x) [4350 + 650(1—2a)2—770(1—2z)3] cal-mole (= 4,183 
Joule/mole) 
the mean deviation being 12 cal/mole per determination. 

This curve, though it is unsymmetrical, has its maximum value at 
x = 0,5. For the heat of formation of the equimolar mix-crystal follows 
the value of 1087 + 15 cal/mole. This is higher than the values found 
by other investigators: KuRNakow and ZumozuzNnys [1] give 1046 cal/ 
mole; ZEMczUZNYJ and RamBacu [6] 1046 cal/mole; Popov et al [7] 
1058 cal/mole; Hyv6nEN [8] 1070 cal/mole. 

The results obtained by ZmemezuzNys and RampBacH at a series of 
compositions are rendered in fig. 3. Their values turn out to be appreciably 
lower than ours. Most likely the difference must be ascribed to a more 
effective quenching and more rigorous exclusion of water in our case. 
An attempt was made by Hyvénen [8], to calculate the heat of formation 
according to a statistical theory presented: by Wasastjerna. The values 
obtained at 600° C do not differ much from our experimental values, 


= nll) sii, ai et i 
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obtained at 25° C. However, as this calculation leads to a solubility 
gap over the major part of the concentration range, Hyvénen himself 
does not attach much value to it in this case. 


4H in jf, 
cay mole 
‘mole 
{ceo 
4000 
800 
3000 
600 
2000 
400 
o present investigation 
e Zemczuznyj and Rambach 1000 
200 o Popov et al 
x Hyvonen 
KCI 0.2 04 0.6 0.8 NaCl 


mole fraction X 
Fig. 3. The heat of formation of NaCl-KCl mix-crystals as a function of the 
composition. The curve corresponds to: 


AH =<2(1 — z) [4350 + 650(1 — 2x)? — 770(1 — 2z)?] cal/mole. 


Ul. CALCULATION OF THE SPINODAL IN THE SOLUBILITY GAP OF THE 
system NaClKCl 


(G. W. TICHELAAR) 


The Gibb’s free energy change, due to the formation of one mole of 
solid solution from the pure components, is given by: 


(2) AG = AH — TAS, 


AH being the change in heat content (the heat of formation), 7’ the 
temperature and AS the entropy change (entropy of mixing). In the 
case of NaCl-KCl solid solutions, the heat of formation is large and 
positive and so the possibility exists for an inflected area in the free 
energy-composition curve (fig. 4). This gives rise to an immiscibility 
gap between two terminal solid solutions, the compositions of which 
are given by the points of contact of the double tangent with that curve. 

The inflection points of the isothermal free energy curve define the 
limits of metastable equilibrium at the concerning temperature. The 
locus of these inflection points at different temperatures is called the 
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spinodal, the determining condition of which is d?AG/dx? = 0, or in 
relation to (2): 
| d? AH /dx? 
~ G2 AS/dax? * 
The importance of the spinodal in relation to precipitation phenomena 
in supersaturated solid solutions has been stressed by BxEcKER [9], 


mole eae 
NR xe CHAG> 


4G, tt 


Tas 

Fig. 4. Schematic representation of the connection between phasediagram (upper 

figure) and thermodynamical quantities (lower figure) in a binary system with a 
mixing gap in the solid phase. 


Borexius [10] and Wicrorin [11]. In the metastable region between 
the solubility curve and the spinodal, a retardation in the forming of 
nuclei can be expected. 

For the system NaCl-KCl, Scurm and StapELMAIER [2] have calculated 
the spinodal from the two-phase boundary. In their calculation they have 
assumed that the entropy of mixing can be expressed as: 4S = —R 
[a In a + (1—w«) In (1 —~)], the entropy of mixing for an ideal case, 
and that 4H is a polynomium in x. The condition of equality of the 


= Se. he 


ial 
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thermodynamic potentials of both components in the coexisting phases, 
combined with the assumption that 4H is independent of the temperature, 
enabled them to evaluate the coefficients in the equation for AH (cf. 
Bore tus [10]). The spinodal was then calculated by means of equation (3). 

In the present investigation the heat of formation at room temperature 
was experimentally determined as a function of the composition (equation 
(1)). 1f we suppose it to be independent of the temperature !), the entropy 
of mixing can be calculated from this equation and from the two-phase 
boundary. This may be expected to give a better approximation of the 
spinodal (equation (3)). It still remains an approximation, because here 
also the influence of the temperature on 4H and on AS has been neglected. 

The calculation runs as follows: 

For a temperature 7’, at which the terminal solid solutions have the 
compositions 2, and 2, we may write: 


dAG dAG AG,—AG, 
(4) oe 
dx, 


(see fig. 4). 


dx, Ly — Ly 
From (4) and (2) the eqautions (5) and (6) can be derived: 


(5) dAS dAS 1 /dA4H | seks 
o dz, dx, ,\| da, dary 


(6) 


dAS AS,—AS, _ 1 [dA _ sure 


dx, te, Da i, dey L1—Xy 


From the fact that the spinodal must go through the maximum (7, 2;) 
of the solubility gap and moreover must have a horizontal tangent in 
that point, the equations (7) and (8) can be derived. 


ie PAH CAS 
( 7) fren = Shes 2 
dx}, dx;, 
GAH BAS 
(3) Ee ite 
dx}, dx}, 


AH = f(x) is given by expression (1) in section II. Further the solubility 
curve in section I gives values for x, and xz, at each temperature 7',. AS 
has been considered to exist of two terms, AS“ and AS’, AS" being the 
ideal entropy of mixing and AS* an extra term, which we consider to 
be a polynomium in @: 


AS’ = a(1 — 2) (a + bx + ca? + dz’), 


1) The heat of formation is independent of temperature, when the heat capacity 
of the mix-crystal follows the additivity rule, as in that case dAH/dT = Ac, = 0. 

According to Eastman and Miiner [12] this is true for AgCl-AgBr solid 
solutions between 15 and 298° K. For KCl—KBr, however, there is a positive 
deviation of the heat capacities of the mix-crystals (Musrasox1, [13]) leading to 
a higher value for the heat of formation at a higher temperature (Hovr [14]). 

According to Popoy, Skuratov and Nrkanowa [15] there is also a positive 
deviation from the additivity rule in the case of NaCl—KCl. 

25 Series B 
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Thus: 


(9) AS = AS* + AS* = —R [ex nz + (1 — 2) mn (1 —2)] + 
+ a(1 — a) (a + bx 4+ ca? + dz’). 


Inserting AG = f(a) as given by (1) and AS = f(x) as given bys(9)s 1m 
the equations (5) and (6) for coexisting values of x, and x, (read from the 
solubility curve) at ten different temperatures, and inserting T,, and x, 
(see section I) in the equations (7) and (8), a set of equations in a, bo 
and d was obtained, from which, by choosing appropriate combinations, 
these constants were calculated. We intend to publish details of this 
calculation elsewhere. The entropy of mixing turned out to be: 


(10) AS = AS” + x(1 — x) [2,29 + 00,4672 — 6,19227 + 5,67423]. 
Points of the spinodal could now be calculated from (3) by inserting (1) 
for JH and (10) for AS. The results are shown in table IV and fig. 2 


(the dashed curve). The dotted curve in this figure is the spinodal 
according to ScHEIL and STADELMAIER (2). 


TABLE IV 


Comp. in mole % NaCl) 0,1 | 0,15 0,2 | 0,3 | 0,4 | 0,5 ,6 | 0,67| 0,7 | 0,8 | 0,9 | 0,95 


Peon in °K . . . .| 289] 409 | 501 | 620] 687 | 728 | 756 | 763 | 761 | 717 | 570| 399 
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BIOCHEMISTRY 


QUANTITATIVE ESTIMATION OF HYALURONIDASE 
INHIBITORS IN TISSUES 


BY 


H. 8. ALTENBURG, R. BRINKMAN, W. HEERSPINK anp 
Miss R. SCHEUERMANN 


(Biochemical Laboratory R.U. Groningen and Pharmacological Laboratory Promonta 
A. G. Hamburg) 


(Communicated at the meeting of June 27, 1953) 


With regard to the ubiquitous occurrence of mucopoly saccharides as 
an intercellular continuum in many mesenchymal tissues and their rapid 
depolymerisation by “hyaluronidase” it may be important to have a 
potent inhibitor of this enzyme at hand, with low general toxicity. 

A number of substances with this potency has been described, often 
with a view to their supposed favourable influence in ‘rheumatic’ 
disorders; some flavonoids particularly must be mentioned here. 

The study of the inhibition has been mainly carried out by in-vitro 
experiments with more or less pure hyaluronic acid preparations (mucine 
clot prevention, viscosity reduction, turbidity reduction), the spreading 
reaction not being very suitable for quantitive work. 

It occurred to us, that the determination of fascial permeability, 
described by Day [1] might lend itself to suitable measurements of 
hyaluronidase inhibition with a natural substrate. Moreover studying 
the resistance of “waterproofing” in fascial fibres must be attractive to 
the research in rheumatic aetiology. 

A second useful and rapid method proved to be the determination of 
the injection pressure on slow controlled injection of diluted hyaluronidase 
and its inhibitors in the prepared cock’s comb. 

The drugs, having actually the main interest here are the flavonoids 
to which vitamin P properties have been ascribed, but their low solubility 
and resultant low absorbability make it very doubtful if any pharmacolo- 
gical action may be expected [2]. 

The experiments of Better and Marrrn [3] on fosforylated hesperidin 
and particularly their supposed contraceptive consequences published 
by Stmve [4] make it desirable to have more biological data on the direct 
measurement of hyaluronidase inhibition by this substance. 


Method 


The surviving, very thin fascia of the rats oblique abdominal wall 
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muscles is clamped between two short, thickwalled ground glasstubes, 
connected by glasshooks and rubberbands. 0.75 cc. of saltsolution is 
carefully pipetted into the upper tube over the membrane and the 
preparation is fixed in a clamp, allowing simple projection with about 
20 fold magnification. The well-focussed meniscus is placed on zero of 
a millimeter scale, and its drop is noted every 5 minutes. 

The average permeability will allow a drop of 3-8 mm (x 20) per 
5 minutes; the rate may vary considerably with different membranes. 
Too high permeation indicates a hole. 

Technically the preparation is made by exposing the abdominal muscles 
of a freshly killed rat and keeping them wet with saltsolution. Over the 
oblique muscles the fascia is lifted with 2 small forceps; an assistant 
clamps the glasstubes on both sides; these are then connected by rubber 
stretchers and the fascia is cut off. 


Solutions 


1. Saltsolution (KrEBs). 500 ml NaCl 9 % + 20 ml KCl 1.15 % + 5 ml MgSO,4 aq. 
3.84 % + 150 ml fosfatebuffer 0.1 molar, pH 7.4. 
pH does not change by addition of hesperidinfosfate. 


2. Hyaluronidases. 
Bacterial enzyme: Hyason (Organon), freshly dissolved in KrEBS—RINGER 
Testicular enzyme (Schering), freshly dissolved in KreBS—RINGER 
Testicular enzyme (Promonta), freshly dissolved in KreBs—RINGER 


3. Hesperidinfosfate. A brand of Hesperidin, solubilized by fosforylation. Probably 
a mixture of various fosfates. Made by Promonta A. G., Hamburg. 


Results 


The general effect of weak concentrations of hyaluronidase on the 
flow of saltsolution through the fascial membrane is depicted in fig. 1, 
from which it may be seen, that after a few minutes of incubation the 
flow augments to an increased steady rate. 

It must be mentioned however, that the sensitivity of various membranes 
to this action of hyaluronidase is showing considerable difference, although 
in fresh membranes -it is always present. Thus an inhibitive experiment 
can only be made in comparison with controls on the same membrane. 

As the rates of flow in all experiments tend to becoming linear with 
time, they may be expressed as tangents of the slopes during the last 
15 minutes of measuring. 

An example of an inhibition experiment is given in fig. 2; here (1) is 
showing the rate of flow for salt-solution during 25 minutes, (2) shows 
the influence of addition of hyaluronidase +- hesperidinfosfate, resulting 
in a slightly increased constant rate and (3) the effect of substituting 
the solution used for (2) by an equal concentration of hyaluronidase 
without inhibiting flavonoid. 

A number of similar experiments has been summarised in Table I; 
the rate of constant flow in various membranes expressed as tangents 
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of slopes is always relative to the corresponding initial rate for pure 
saltsolution. 

It may be deduced from this table, that partial inhibition of various 
concentrations of bacterial or testicular hyaluronidases by fosforylated 
hesperidin is a constant phenomenon. 


Drop meniscus (cm) «20 


° 10 20 30 40 50 60 70 [=te) sO 
Time (min) 


Fig. 1. Increase of fascial permeability by (testicular) hyaluronidase, 0.42 T.R.U. 
per ml. Rat, fascia. 
1. Kress—RIncGER solution. 2. Kresps—Rrincer solution + hyaluronidase. 


Ww n Ww a 


Drop meniscus (cm) 20 


N 


le) 10 20 30 40 sO 60 70 60 90 
Time (min ) 


Fig. 2. Inhibition of (testicular) hyaluronidase (0.42 T.R.U. per ml) by 
hesperidinfosfate (1.6 mgr. per ml.). Rat, fascia. 


1. Kress—RincGeEr solution. 2%. Kress—Rincer solution + hesperidinfosfate -++ 
hyaluronidase. 3. Kress—Rincer solution + hyaluronidase. 


TABLE I 


Concentration Incubation Tangents 
TRU units “ 2 q . 
Hyaluronid.| (§ 3 Hyaluronid. 
Hesperidin- Bacterial f by 2 + tievlarenid 
hes fosfate no. 12-79. © 8 % | Hesperidin- j 
Testicular £ 5 5 fosfate 
Some 128, eee S 
12 2.2 mg/ml 0.6 E/ml _ 18 1 1.2 1.9 
13 ft 0.5 — 18 1 eo 3.7 
15 2.76 0.75 ~ 18 1 1 Ty 
16 Iho 0.88 — 18 1 eal! 2.1 
19 463 y/ml 0.8 10 18 1 2.3 Sy 
20 880 0.8 10 18 i (cell! 8.0 
22 880 0.8 23 18 i 3.5 5.2 
23 880 0.8 28 18 1 Leu 1.5 
24 880 0.8 30 18 1 1 3.8 
25 880 0.8 28 18 1 Lae 1.8 
26 660 0.85 28 18 L 5.8 1 fy | 
28 660 0.85 30 18 1 2.1 4.0 
30 660 0.85 30 37 1 3.8 5.0 
32 660 0.85 30 37 1 2.0 3.0 
33 660 0.85 30 37 1 6.4 Cie: 
36 880 0.8 30 37 1 4.8 6.8 
37 880 0.8 30 7 1 4.1 7.8 
54 1.6 mg/ml 0.15 30 38 1 2.2 3.0 
56 a@ 0.21 45 18 1 3.8 8.0 
57 1.6 0.21 45 18 1 evi 6.3 
58 1.6 0.21 30 18 1 2.8 4.7 
59 1.6 0.21 30 18 1 2.9 5.3 
60 1.6 0.21 30 18 1 1.5 aed 
62 Ha 0.21 30 18 1 PG 2.5 
64 1.6 0.21 30 18 1 3.5 4.2 
66 LG 0.21 30 18 1 2.5 4.4 
70 1.6 0.21 30 18 1 2.8 4.3 
71 1.6 0.21 30 18 ul 2.7 6.2 
73 2.0 0.15 30 18 1 3.1 6.5 
79 6.0 0.15 1080 18 1 3.2 4.1 
89 126 0.42 1320 18 1 2.8 5.2 
90 1.6 0.42 1320 18 1 2.6 6.7 
91 1.6 0.42 2460 18 1 1.8 4.2 
92 1.6 0.42 2460 18 1 Peay 2.5 
94 o@ 0.42 0 18 1 2.8 5.2 
95 1.6 0.42 0 18 1 1.3 5.2 
98 0.8 0.46 900 18 1 2.0 5.2 
102 0.8 0.46 135 18 1 2.2 4.5 
103 0.8 0.46 135 18 il kaa 4.5 
104 0.4 0.46 1080 18 1 3.2 5.3 
105 0.4 0.46 1080 18 1 2.26 3.8 
106 0.4 0.46 1320 18 1 1.9 See 
107 0.4 0.46 1320 | 18 | 4 1.2 2.0 
123 1.6 0.42 0 18 1 3.85 6.3 
124 1.6 0.42 Oo} is]! 4 3.0 6.7 
125 1.6 0.42 0 18 if 2.6 4.3 
126 1.6 0.42 0 18 1 hee 3.36 
127 1.6 0.42 S00: Le taney 2.9 8.2 
128 1.6 0.42 300 | 18 | 1 3.9 6.9 
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On the other hand inhibition is never complete, and appears to be 
reversible; this is shown by the regular increase in flow rate, caused 
by substitution of the inhibited mixture by pure enzyme solution. 

Preliminary incubation of the hyaluronidase-hesperidinfosfate mixture 
at 37° for 30 minutes did not cause any change in the results; also change 
of temperature of the fascial membrane from room temperature to 37° 
had no appreciable influence. 

Addition of hesperidinfosfate to pure saltsolution does not change the 
rate of flow. 

Reversibility of the effect of not inhibited hyaluronidase on the 
permeability of the fascial membrane appears to be distinct too. This 
is shown by a large series of experiments with similar arrangements, 
made in the laboratories of Promonta A.G., Hamburg on fascia taken 
from freshly killed guinea-pigs and rats. 

The sequence of substitutions was here 


a) saltsolution, 
b) addition of hyaluronidase to a), 
ec) addition of hesperindinfosfate to b). 


An example of an experiment is shown in fig. 3, which represents the 
average of 18 similar experiments on fascia of rats and guinea-pigs. 


s 


Drop meniscus (e.m.) x10 


° s 10 15 20 25 30 35 40 45 


Time (min) 
Fig. 3. Inhibition of (testicular) hyaluronidase (0.5 Promonta E per ml.) by 
hesperidinfosfate (1 mgr. per ml.) Guinea-pig, fascia. 
1. hyaluronidase after 15 min., hesperidinfosfate after 30 min. 
2. hyaluronidase after 15 min. 


One possibility of error in both types of experiments has to be mentioned: 
decreased permeability by large complexes or particles clogging the 
membrane pores, thus simulating hyaluronidase inhibition. This occurrence 
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has already been mentioned by Day [1] the fascia being a regular sieve 
for very large molecules. In experiments ending with final opening up 
of the membrane by hyaluronidase, the clogging may be ruled out, but 
in general it will be better to treat all solutions by Seitz filtration. This 
has been done in all relevant experiments. 

Although the fascia test does not require special skill or experience, 
another type of measurement, which proves to be easy and rapid will 
be wellcomed. To this end we adopted the measurement of injection 
pressure in the fresh or conserved cock’s comb, obtained by amputation. 

The connective tissue of the comb is embedded in a large amount of 
hyaluronate [5] and covered by a tough skin; injection of saline in the 
(dead) comb demands high pressure. It may be better adapted to measure- 
ments by cutting a small length from the border and placing the needle’s 
tip a about one millimeter from the cut, so that the injected solution 
can drain away through the cut. About 100 mg.Hg. of pressure will now 
suffice for enabling very slow, continuous, controlled, injection of saline, 
and this pressure will drop very markedly if small amounts of hyaluronidase 
are added to the saline. It will rise again on inhibition of the enzyme, 
and the procedure may be repeated two or more times. Fig. 4 shows 
curves, obtained in this way. 


so 


80 


5 7 9 " 13 15 17 1921 23) 25) oe 27 Opel 33 
Time (min) 

Fig. 4. Reversible inhibition of (testicular) hyaluronidase (4 Promonta E. per ml.) 

by hesperidinfosfate (10 mgr. per ml.). Injection pressure into cock’s comb. 

Hyaluronidase after 9 min., hyaluronidase ++ hesperidinfosfate after 15 min., 

hyaluronidase after 22 min., hyaluronidase ++ hesperdinfosfate after 29 min. 


Technically the method is very simple. The slow, controlled injection 


is given from a small syringe, the piston of which is driven by the usual 


constant speed motor with reducing gear and driving screw arrangement. 
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We use a B.D.H. AGLA syringe, but any other analogous type will be 
efficient; the amount delivered per minute is about 0,1 ml. and constant. 
The injection, pressure is read from a suitable manometer attachment 
with small capacity; a Statham Gauge is very useful. 

The decapitated cock’s head can be used freshly or may be cold stored 
for a few days. 

The small bore needle is attached to the syringe by a short length of 
plastic, non-elastic tubing, and the syringe may be refilled from a saline 
reservoir by a 3-way tap. The enzyme and inhibitor solutions are connected 
by a second small 3-way tap; filling and washing can be done with the 
syringe fixed in situ. The needle is inserted so, that the tip is lying 1 mm 
from the freshly cut comb’s marge. 

It may be remarked once more that both methods described here 
clearly demonstrate the possibility of reversion of the hyaluronidase 
tissue permeability effect by hesperidinfosfate in small concentrations. 

This fact appears to give a background to many clinical observations 
on decreased capillary and tissue permeability by some flavonoid drugs. 


Summary 
Description of 2 methods, using animal membranes for measurement 
of hyaluronidase effects and their inhibition. 


REFERENCES 


Ieee Avog fe), Va Physiol 117, a1 ( 1952). 

. CuarK, W. G. and E. M. McKay, J. A. M. A. 143, 1411 (1950). 

3. Berrer, J. M. and G. J. Marri, J. Biol. Chem. 174, 31 (1948). 
———— and ————_, Science 115, 402 (1952). 

4. Sieve, B. F., Science 116, 373 (1952). 

5. Boas, J. Biol. Chem. 181, 573 (1949). 


HYDRO- AND AERODYNAMICS 


THE EFFECTS PRODUCED DURING THE FIRST FEW HOURS 
AFTER PLACING AN OBJECT IN A RIVER 


BY 


M. J. BOSSEN 


(Communicated by Prof. J. To. Tuissse at the meeting of June 27, 1953) 


Summary 


On placing a weir in a river, the permanent state of flow will be tempo- 
rarily changed into a variable one. The translation waves thus created 
are damped by friction. A calculation based on the characteristics method 
has been developed to estimate the moment at which, in the permanent 
state of flow, the backwater curve will have established itself. 


Introduction 


In a river flowing uniformly and subcritically, of which the depth is 
the same throughout the whole width, an object is suddenly placed at 
the point x = 0. After a certain time a situation will develop in which in 
the river downstream (x » 0) the original discharge g, per unit of width, 
the original depth h, and the velocity of the water v, will re-establish itself. 
Upstream (x < 0) the same discharge q, will be found, but A will be greater 
and v smaller. A backwater curve has developed about which one can 
find many publications. At the weir the depth of the water h is discon- 
tinuous; there will be a fall, of which the magnitude depends on the size 
of the object and on the discharge passing through x = 0. 

The question has been asked, how the original state will develop into 
the final one, i.e. how, especially at the location of the object, the total 
discharge @ and the fall change with the time. 

The solution may be of importance for various reasons. The necessary 
strength of the object may be determined by it, and navigation, too, will 
be concerned, just as is an army planning to cross a river with the aid of a 
temporary dam formed by elephants or heavy cavalry. The same problem 
arises when a gap in a dike is closed with pontoons. 

At the moment the obstacle is introduced, the discharge will diminish 
temporarily, as a result of which the water level above the weir will rise 
and that below it will fall. The changes in the water level will move as 
translation waves up and down the river. Due to the drag exerted by the 
bottom and the sides of the river on the flowing water, the translation 
waves will eventually be damped. To determine the influence of the 
friction, it will be assumed that the river is of indefinite length, so that 
there is no reflection of waves at any point in the river. The friction may 
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then be considered as being the only cause of the gradual decrease in the 
height of the translation waves. It is obvious, that this will result in the 
permanent state of flow as described above. 


Computation by characteristics method 

The computation will be made for the problem in which friction is the 
cause of the changes in the translation waves, which develop at the moment 
of partial obstruction. Consequently this computation will have to be 
based on the characteristics method. This method has often been described. 

In this special case the slope J of the river bed is the most important 
factor. For this reason one of the axes of the coordinate system (the 
x-axis) assumes this slope and the equation of motion is 


ov woh eg viel 
(1) prt ag 4 ae Os 


The width of the river is taken to be very large in relation to the depth. 
Therefore the hydraulic mean depth in the denominator of the last term 
has been replaced by the depth of the water h. The Chézy coefficient C in 
this term may vary with the depth h. Its value may also be assumed to 
be constant. 

Equation 1 in combination with the equation of continuity 


2 oh oh OU 
(2) i aes a) 
will result in the following rules for the characteristics: 

On the characteristics defined by 


(3) dx =(Vgh + v) dt 
we find 

in = _ 2lel 
(4) d(2Vgh + v) =g(I cap) at 
and on the characteristics defined by 
(5) dx = — (Vgh —v) dt 
we find 

3 = vo 

(6) d(2Vgh —v) = —g (L— 2) dt. 


Boundary conditions 

By placing a weir and thereby reducing the area of discharge a fall 
h —h’' will develop. The equation 
(7) h—h' = q?: (2ga*), 


which gives the relation between the fall h — h’ and the discharge q, holds 
good as boundary condition for the translation waves travelling upstream 
and downstream the river. 
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The other boundary condition at this spot (# = 0) is, of course, 
(8) G=hv=fh'-v. 
In these equations 


h and v represent the depth and the velocity of the water upstream 
h' and v' represent the depth and the velocity of the water downstream 


and 


a stands for the cross section (reduced by contraction) at the weir per 
unit of width of the river. 


Initial state of the translation waves 

So little time is supposed to be necessary for introducing the object, 
that the height of the translation waves during that period will not be 
appreciably influenced by friction. This supposition simplifies the cal- 
culations considerably. The moment after the object is put in its definite 
position, a situation in the river will develop (Figure 1) as determined by 
the equations 7 and 8 together with the following equations. 


(9) Upstream : 2V/gh+v=2Vgh) +. 
(10) Downstream: 2) gh’ — v' = 2//ghy — v4. 


The values for depth and velocity in the initial state are indicated as 
hy and vy respectively. 


Fig. 1 


Starting from this initial state, the effect of friction on the two trans- 
lation waves with the respective heights h — hy and hy —h', which leave 
the weir at the time zero, may be determined. 


Calculus of finite differences 


The differential equations 4 and 6 prevailing on the characteristics can- 
not be integrated. Calculations are therefore made with intervals of 
finite length. The values of these intervals should not be taken too large, 


so that the value of the function which is to be integrated, i.e. g (Z _ aly 
in the interval is approximately linear; the mean value over the interval 


then nearly equals the average of the two terminal values of the interval. 
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The same thing holds good for the characteristics curve itself; for //gh 
and v the average is taken of the respective values at the beginning and 
the end of the interval. 


Diagrammatic representation 

To obtain a clear picture of the computing process, it is necessary to 
represent the results of the computation diagrammatically. For this 
purpose two diagrams are used, which are conveniently designed as in 
Figure 2 and 3. The diagram with the coordinates 2 and y may be called 


-40 -30 -20 -10 ° ife) 20 30 40 50 km 


PEK 


1216 


the diagram of characteristics, the other with v and 2/gh the diagram of 
circumstances. 

In the x, ¢ diagram the curves have an angle of declination, of which 
the tangent is /gh-+v and —(\/gh — v) respectively. 

The curves with 2)/gh-+ v= constant and 2/gh—v = constant are 
straight lines in the v, 2/gh diagram forming angles of 45° with the coor- 
dinates (here after indicated as 45° lines). 

It is an advantage to plot in the latter diagram curves of equal discharge 
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q (curves of third degree). Plotting likewise in this diagram curves of 


equal value of 
piel) _ g( Zale — orl) 
(11) g(I- or) are, Oh O?h 
makes it possible to read from the diagram the values of that function, 
as soon as the terminal values of |/gh and v resp. in an interval are 
(approximately) determined. 
It is known that these diagrams can be used to solve the equations 


3, 4, 5 and 6. Thus the result is obtained much sooner and there is less 
chance of error than if an analytical computation process is followed. 


Diagrammatical determination of the initial state of flow 

Upstream 2/gh + v is constant and so is 2\//gh —v downstream. In the 
diagram of circumstances this is expressed by two 45° lines passing 
through the point v, 2\/gho. Moreover the points v, 2/gh and v’, 2)/gh’ 
lie on the same q-curve, in such a way that the fall in the water level 
satisfies equation 7. This equation can be written 

—— ; 2 q 
(7a) (2 Vgh)? = (2/gh')? + —. 

Starting from the 45° line: 2)/gh' — v' = constant (Figure 3) for each 
value of g, the corresponding values of 2)/gh are plotted on the q-curve in 
question. At the intersection of the curve of geometrical points and the 
45° line: 2/gh-+ v = constant, lies the point 0,0 for the state of flow 
immediately above the weir. The lower end of the same q-curve intersects 
the 45° line: 2)//gh — v =: constant, at the point 0,0 for the state of flow 
immediately below the weir. 


Computation including the influence of friction 


In the initial state there are no corrections due to friction, as it is 
assumed that the weir is placed in position so suddenly that At nearly equals 
zero. From this moment onward friction must be accounted for, from the 
very front of the moving translation wave. The 45° lines in the diagram 


for 2/gh+ v = constant and 2/gh —v = constant resp. are to be shifted 
over a distance of 


I (Xl _ viel , 
& ( li — ey At, 


the values of v and h being estimated in the v, 2/gh-diagram, and the 
increment At in the a, t-diagram. 

In computing the necessary corrections it is an advantage to bring 
them together in one table. Thus the calculation process is partly diagram- 
matic, partly numerical. 

After plotting each point in both diagrams, the estimated corrections 
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due to friction are checked with the results obtained. If necessary the 
computations are repeated. Usually one repetition is sufficient. 
As an example the beginning of a computation is given below (Figure 4). 


Fig. 4 
Characteristics 0,0 — 0,1 


(4) A (2Vgh +0) =g (1 = al) At. 


The value of the correction is positive. The 45° line declining to the 
right and passing through the downstream point 0,0 is moved to the right. 
Now the point 0,1 is situated on that line at the intersection of the 45° line 
declining to the left and passing through the point vp, 2/gho- 


Characteristic 0,0 — 1,0 


Nhe ten Pee 
(6) A (2Vgh—v) =—g @ pat) At. 
In a similar manner one can find the point of state 1,0 using the 45° line 
through v9, 2//gh) declining to the left. 


Characteristic 0,1 — 1,1 


CE cet ne v |r| 
(6) A(2Vgh—») = —g(1- Zt) At. 


a negative value, meaning a shift of the 45° line to the right (curve m). 


Characteristic 1,0 — 1,1 


The correction is positive, therefore the 45° line also shifts to the right 
(curve 7). 
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For the points 1,1 the following boundary conditions are applicable: 


1. The points 1,1 representing the situations immediately above and 
below the weir resp. must lie on the same q curve. 

2. The fall in the water level must be in accordance with the dis- 
charge corresponding to equation (7) or (7a). 


The points 0,2 and 2,0 ete. are calculated in the same way as 0,1 and 1,0. 
The points 2,2 and 3,3 etc. are calculated similarly as point 1,1. 

The modal state at points lying between the front of the waves and the 
weir are calculated in exactly the same way. Thus point 1,2 in the diagram 
of circumstances is plotted as the intersecting point of two 45° lines, one 
passing through 0,2 and declining to the left, the other passing through 1,1 
and declining to the right, both lines being shifted over their corresponding 
corrections. It appears that the shifting always takes place in the direction 
of the curve for which the discharge is q); even if the value of the velocity v 
is negative. 

In the diagrams the positive directions of the axes have been chosen 
so as to lie approximately in the same direction relative to each 45° line 
in the v, 2/gh diagram compared to the corresponding characteristic in 
the x, t diagram for identical intervals. The characteristic for the interval 
0,2 — 1,2, for instance, declines to the left; therefore the 45° line in the 
other diagram has to decline in the same direction. By this arrangement 
the matter is simplified still further. The method described can be best 
applied by choosing equal intervals between the points 0,0 < 1,1 <= 2,2 = 
<> 3,3 ete. on the f-axis (x = 0) in the a, ¢ diagram. 

The computation can also be made when the river is obstructed gradu- 
ally. Then the coefficient a in equation (7) or (7a) varies with the time. 

If the object is a spillway, the method is also applicable. A different 
relation between qg, h and h’ expressing the boundary condition must then 
be used instead of equation 7 or 7a. This relation may be plotted in a 
diagram. 


Dimensionless parameters 


The calculations as described above take much time. The number of 
cases may, however, be limited by giving the results in dimensionless 
parameters. Supposing 


(12) Igit@=4U4, 

(13, 14) — =i and gy =w* 
and furthermore 

(15, 16) giti—z and glx=6& 
one may take as dimensionless parameter values 


uw + and 1. 
26 Series B 
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The variables may then be grouped together in the following dependent 
parameters: 


Vgh-w-! and v-wt, 


and the independent parameters: 
ct-wt and ¢C-w*. 


Example of computation 


The computation was applied to a river of which in a permanent uniform 
state the depth h is 7.6 m and the velocity v 1.7 m/sec (discharge q) = 12.92 
m?/sec). 

The resistance coefficient was taken to be constant: 

Hi = a ie. C = 54.3 m'/sec; 
then 


ra ite ae ie 


Se — —<___. =& 
=Gign 300 ~ 3acte= te 


The weir in the river had to be closed so far, that the fall in level in a 
permanent state (with a discharge of 12.92 m?/sec) would be 0.35 m. 

The results are plotted in Figures 2 and 3. In Figure 3 lines of equal 
discharge g are drawn. Each value of the fall A —h’ near the weir cor- 
responding to a certain value of the discharge q is determined by the 
equation 


h—h! = 0.35 (45) . 

For the time intervals near the weir (x = 0) a period of 600 seconds 
was taken. 

Because /gh+v and /gh—v have different values, in consequence 
of which the lines in the v,¢t diagram have different inclinations, the 
time intervals between the intersection points (mean value 300 sec) are 
also different. 

In Figure 3 lines-are drawn for equal values of the correction formula 


g (2 a) 
C2 ho San h. = At 


for time intervals of 300 seconds. They are straight lines. Furthermore 


in Figure 3 lines are drawn for certain values of ygh-+v and Vgh—v 


respectively, these being the velocities of propagation, upstream and 
downstream. 


The tables which should be prepared during the calculating process and 
which give the values of a, t, v, gh, h, q and the resistance corrections, 
are not given here. 


In Figure 5 the change in the situation near the weir is plotted. Immedi- 
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ately after placing the object the discharge diminishes from 12.92 to 
11.72 m2/sec (cubic metres per second per meter width of the river). 

The translation wave going downstream measures about 0.12 m (drop 
in level); the wave going upstream gives a rise of about 0.17 m. Conse- 
quently the initial fall at the weir is not 0.35 m, but only 0.29 m. The fall 
increases immediately, in the beginning rapidly, afterwards more slowly. 

Unexpected is the fact, that the water level downstream continues to 
fall during the first few minutes, though the fall is only one millimeter. 
Not until half an hour later is there a rise. 

The change comes about more gradually, as the state of flow approaches 
the permanent state. It takes several days before this state is approached 
to within less than one centimeter. 

The permanent state will be reached quicker if the bottom of the river 
is rougher. The Chézy coefficient C is then smaller and therefore the 
resistance corrections are larger. 


Waterloopkundig Laboratorium 
Delft, 30th May 1953 


LITERATURE 


1. Craya, A., Calcul graphique des régimes variables dans les canaux. La Houille 
Blanche. 19, 117 (1945/46). 

2. Lamoen, J., Tides and current velocities in a sea level canal. Engineering, 97 
(1949). 

3. Massau, J., Mémoire sur l’intégration graphique des équations aux dérivées 
partielles. Annales de l’Ass. des Ingénieurs sortis des Ecoles de 
Gand, (1900). 

4. Rw, R., Etude du lacher instantané d’une retenue d’eau dans un canal par la 
méthode graphique. La Houille Blanche, 181 (1946). 

5. ScHONFELD, J. C., Voortplanting van getijden en soortgelijke golven. (’s-Graven- 
hage, 1951). 


PALEONTOLOGY 


THE AUSTRALOPITHECINAE AND PITHECANTHROPUS. I 


BY 


G. H. R. VON KOENIGSWALD 


(Communicated at the meeting of September 26, 1953) 


While for more than ten years no additional remains of Early Man 
have been found, owing to the political conditions in the Far East an 
increasing number of new discoveries of apparently primitive human 
beings, the much discussed Australopithecinae, have focused our interest 
on South Africa as a possible center of human evolution. As the Australopi- 
thecinae by some authors have been claimed to be true human ancestors 
— either of Pithecanthropus or even directly of Homo sapiens — 
in connection with a description of the new Pithecanthropus material 
collected in Java between 1935-41, it became necessary to have a first 
hand knowledge of the latest African finds. The author is deeply obliged 
to the “Nederlandse Organisatie voor Zuiver-Wetenschappeliyk Onder- 
zoek” (Z.W.O.) for a generous grant which gave him the opportunity 
to visit South Africa; he is also under great obligation to his collegues 
Prof. R. C. Dart — Johannesburg and especially to his dear old friend 
the late Dr R. Broom — Pretoria and his successful assistant Dr T. 
Roprnson, who not only allowed him to study their important original 
specimen, but also kindly showed him the sites of their discoveries. 

It is not the purpose of this publication to deal with the extensive 
literature about the South African finds, but rather to discuss their 
relationship with the Pithecanthropi — including Meganthropus 
and Sinanthropus — being the oldest known Hominidae of Asia. 
There can be no doubt, that the Australopithecinae have broadly to be 
regarded as Hominidae but as to their exact phylogenetic position very 
different opinions have been expressed. A discussion of this relationship 
might also help to clarify a critical phase in the early history of Mankind. 


How far do the Australopithecinae approach Man? Australopithecus 
prometheus from Makapansgat owes his name to the fact, suggested 
by Dart, that this Australopithecus knew the use of fire. He also 
attributed to him “‘predatory implements”, which he should have used 
to erack the skulls of baboons (1949). The use of fire is denied bij Broom 
(1950, p. 74), who was thoroughly acquainted with the sites of South 
Africa, and whatever may have caused the fractures of the baboon skulls, 
the distal parts of ungulate humeri from Makapansgat_ ,,exhibiting 
longitudinal fractures of the shaft and fractured epicondylar ridges, 
which illustrate the violent usages to which they have been subjected 
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or applied prior to fossilisation” (Darr 1949, pl. I, fig. 8) they were not 
implements. 

Dr Zapre (Vienna) has kindly drawn my attention to the fact, that 
as has been shown by experiments in Zoological Gardens most carnivores, 
especially hyaenas, damage humeri and femora in such a way, that the 
proximal part of the bone (which is richest in fat and marrow) is bitten 
off and swallowed, while the distal part is left (Zapre 1939, figs. 1, 12 
and 15). Such remnants are easily mistaken (and have been mistaken) 
for implements. A comparison of the illustrations given by ZApre and 
Dart leaves no doubt, that we are dealing with the same phenomenon. 
In our case the bones might indeed have been damaged by the hyaenas, 
described from the fauna of Makapansgat by ToERIEN (1952). 

Therefore the supposed use of implements and fire is no longer a criterium 
in itself to regard the Australopithecinae as real Hominidae: a comparison 
is duly possible on a purely anatomical basis. 

Of Sinanthropus it is known that he has used fire; all Pithecanthro- 
pus remains come from river deposits, where traces of fire cannot be 
preserved. What Extperr (1911) has written about fire traces from the 
Pithecanthropus layer of Trinil, Central Java, is phantastic and 
unreliable. It is interesting to note, as Dr Leakey has kindly told me, 
that in none of the large Acheulian sites in Kenya (Kariandusi; Olorge- 
saillie) any trace of fire has been observed: neither charcoal nor burned 
bones. 

As to the use of implements, these are known from the site of the 
Peking Man as well from the Trinil beds of Sangiran. The level in Sangiran 
is a few meters above the layers which have yielded two skulls of 
Pithecanthropus erectus, and certainly belong to the same period. 
The instrumentarium consists of crude flakes, some of them bipolar; no 
handaxes have been found. The lower Pleistocene consists of black clay, 
an old lake deposit, and due to the absence of transport no implements 
— if they existed — can be expected. 

A point of much controversy is the geological age. All South African 
finds come from caves and rockfissures, which show no stratification. 
Besides this, little is known about the Pleistocene and nothing about 
the Pliocene stratigraphy. As a guide fossil for the Pleistocene the horse 
(Equus) is of great importance: it has been found in Swartkrans (E. 
zebra) and Kromdraai (EK. harrisi; E. sp.), probably also in Sterk- 
fontein, where it is said to be a younger admixture: here probably the 
fluor-test could give a solution. Hipparion is mentioned from Makapan 
and Stylohipparion from Kromdraai. Different genera of Hipparion 
are typical for the African Pleistocene, so that this is no proof for a 
Pliocene age. The matrix a red sand or loam consolidated by calcite, 
is the same in all sites, while also the fauna with a great variety of 
baboons is in all cases of nearly the same type. There cannot be a great 
difference in age, Taungs being probably the oldest site. 
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Too much stress has been laid on the occurrence of primitive types 
as Lycaena and Hyaenictis. It seems, that the Pleistocene of Africa 
is rich in archaeic forms, most spectacular is Dinotherium, which 
disappeared from Western Europe in the Lower —, from Eastern Europe 
in the Middle Pliocene, but which existed in Central Africa right till the 
end of the Middle Pleistocene. It is the progressive forms that matter 
— in this case the horses. We might refer the Australopithecus sites 
to the Villafranchien, the Lower Pleistocene (RoBINSON 1952, p. 196; 
Rrer Lowe 1952; Coote 1952, p. 61). 

In Java (as well as in Southern China) there are no horses in the 
pleistocene. However the fauna of the Djetis Layers of Java, containing 
the older Pithecanthropus remains together with Chalicotherium 
and Leptobos, can be compared to the fauna of the Pinjor zone of 
India which lies below the Boulder Conglomerate. This conglomerate 
was formed during the second glaciation (Mindel), so the layers below 
must correspond to the lower part of the Pleistocene, viz. the Villa- 
franchien. We have reason to suppose that the oldest Pithecanthropus- 
types and the Australopithecinae are of about the same age. 

For that reason alone the latter cannot be ancestral to the Pithecan- 
thropi. There are, as we will see also morphological facts, which point 
in the same direction. 


Now we turn to the remains of the Australopithecinae. Five different 
sites have yielded five different species of Australopithecinae: Taungs: 
Australopithecus africanus; Sterkfontein: Plesianthropus 
transvaalensis: Kromdraai: Paranthropus robustus; Makapans- 
gat: Australopithecus prometheus Swartkrans: Paranthropus 
crassidens — not to mention the doubtful Telanthropus, which 
was regarded by Broom as a probable member of the Archanthropinae 
(1950, p. 12) —. This in itself is already a very unusual fact, especially 
where the conditions of the deposition, the kind of the matrix and a 
fauna containing many baboons is in all cases the same. Are the different 
forms distinguished really good species in a zoological sense, or only 
varieties or races? According to REMANE they all represent ,,eine Gattung, 
vielleicht nur eine (Gross) Art” (1952, p. 305). This only can be decided, 
when all material has been fully described. If we see how in Borneo the 
large rivers divide the country into practically isolated parts, giving 
rise to different varieties or subspecies of orang (SELENKA, 1898), how 
much more in a probably dry country as South Africa the development 
of endemic forms must have been favoured by isolated —- either geo- 
graphically or by time — biotopes. 

The skull of the Australopithecinae the torus supraorbitalis is much 
less developed than in Sinanthropus or Pithecanthropus erectus. 
If the latter in this respect might be compared with the Chimpanzee, in 
the Australopithecinae the condition has more resemblance to the orang. 
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The processus mastoideus is generally very weak in the Australopithecinae 
and practically on an anthropoid level. For Paranthropus crassidens 
Broom & RoBInson note (1952, p. 15): ‘Behind the auditory opening 
is a large mastoid process, — larger than in most human skulls”. 

This process is developed in different degrees in the Pithecanthropi. 
In Pithecanthropus erectus it is only faintly indicated, whereas it 
is very marked and pointed in Pithecanthropus modjokertensis 
and Sinanthropus. In the Pithecanthropi the fossa glenoidalis is deep 
and with its whole surroundings exactly shaped like in Man. In the 
Australopithecinae the fossa is more shallow, a processus postglenoidalis 
is generally present. It might be said that in the formation of this part 
of the skull the Australopithecinae are intermediate between the Anthro- 
poids and the typical Hominids. 

Of particular interest is the entrance to the nose, which is known 
(besides of Sinanthropus) also of Pithecanthropus modjoker- 
tensis. In both cases we observe already typical human conditions: 
the subnasal plane forms a sharp and distinct angle with the pyriform 
aperture; a well developed spine is present. In the anthropoids the sub- 
nasal plane passes smoothly and without interruption into the entrance 
of the nose, while there is no spine, only sometimes a tubercle. In the 
Australopithecinae the entrance is built as in the Anthropoids. Describing 
the nose of Paranthropus crassidens, Broom & ROBINSON state: 
“From the alveolar border the bone above the incisors passes upwards 
and backwards to the lower part of the nasal opening, where there is 
a rudimentary nasal spine. Except that the inner parts of the premaxillaries 
pass considerably farther back, the resemblance of that region to that 
in the chimpanzee is considerable ..... The whole appearance of the 
nasal region is essential similar to that of the chimpanzee, except that 
the spine region is much farther back’ (1952, p. 8). 

The conditions are here illustrated in fig. 1 and 2. 

Recently Roprnson (1953) has described the snout of Telanthropus, 
which apparently differs much from that of the typical Australopitheciae, 
and is said to resemble the human conditions. (fig. 2). As the nature of 
Telanthropus is still disputed — a fluor test has shown that he is 
contemporaneous with Paranthropus — we had better postpone a 
discussion of this highly interesting form till the new discoveries have 
been fully described. Most writers are inclined to include this form in 
the Australopithecinae, and regard it as a weak specimen of Paranthro- 
pus crassidens, dominating the same site. 

Studying the Plesianthropus material, we note the small size of 
the skulls. Plesianthropus V is the only skull of the whole series, 
which is complete enough to allow an exact measurement of the brain- 
capacity, which is only 482 ccm. The mid-sagittal craniogram (fig. 3) 
shows that the contour lines of this skull are nearly even far away from 
Pithecanthropus erectus than the latter from Homo sapiens. The 
capacity of this Pithecanthropus skull is 775 ccm. 
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Fig. 1. Palatal fragments of Pithecanthropus modjokertensis (lbottom) 
and Australopithecus prometheus (top; after Darr 1949), facial view. — 
Same reduction 


Fig. 2. Sagittal sections through the entrance of the nose of (A) Plesianthropus, 
(B) Paranthropus crassidens, (C) Telanthropus, (D) Homo sapiens 
(Bushman). — Orientation: Frankfurt plane. Actual size. (After RoBinson 1953) 


408 


(ozs [BangeN) ‘snuUBdTATR snooyzidoyvaqgsny pue A sndoayyuersoerg “(TT Tm48) 
snyooto sndoryqquvooyyrg ‘suordes ouro x Jo UIBIDOTUBLO [B44I9eS-pIP, "EG “BIT 


SLIDES “fy 


TT SOSOL2UPIAY J) qf *(dd) 7 
Z TEMG gees, Sq YZ) 
cord 
cE “ SNIAY27IAOJOLISNY 


409 


There has been much discussion about the brain capacity of the 
Australopithecinae. It begins already with the juvenile Australo pithe- 
cus africanus, the skull of which although damaged, is well preserved 
and not distorted. The estimates are: 


PARR eS a yy 890 com 
OPPENHEIM, KEITH. ........ 450 ecm 
PAeeieee eo ee os we . es DLO 530 Com 


For the full grown skull the estimates show an even wider range: 


GYRTAY wt 5S, Sn Se ee ee ef 6 ccm 
POSTE PEPER tren a oot 5 ae ee DOU cem 
ee ee NS eg eo ORD cem 
Sie et ee ON] 760 cem. 
Ree ee RS a ae ee oe me i BU) com 


The estimates for the capacity (mainly after SCHEPERS) are: 


Plesianthropus transvaalensis . 400— 700 ccm 
Australopithecus africanus. . . 550— 750 ccm 
Paranthropus robustus. ... . 550— 750 ccm 
Paranthropus crassidens . .. . 750-1100 ccm 


It should be borne in mind, that these are all estimates, the only reliable 
measurement being that of Plesianthropus V; — other estimates for 
Plesianthropus skulls by ScHepers: skull I 440-460; skull II 520- 
540 com. — 

If we look on our fig. 3, it seems to me, (and this is a personal view) 
that none of the big Australopithecinae skulls would exceed 700-750 ccm. 

Even if in regard to these figures the brain capacity of the 
Australopithecinae would bridge the small gap which exists between the 
Anthropoids (largest gorilla: 685 ccm) and the Hominids (Pithecanthro- 
pus II: 775 ccm.) there is an important difference, which has more than 
a statistical significance. Characteristic for the Pleistocene history of 
Man is, that the dentition becomes gradually reduced, while the brain 
capacity increases, so that the largest capacity goes together with the 
smallest teeth, the European Race being an example for that. In the 
Australopithecinae a relatively large brain capacity is combined with 
absolutely large molars, which are not inferior in size to that of a gorilla, 
while Man has absolutely and relatively small molars. 

We will here try to approach this problem from a different angle. 

The brain capacity resp. the brain weight plays an important role 
in the determination of the “‘Cephalisation Coefficient’? — brain weight 
divided by body weight « 1000 —. 

According to ScHEPERS (1950 pag. 93) this index never reaches 10 
in fullgrown anthropoids, while for Man it is as high as 25-50. To bridge 
this gap ScHEPERS now gives the Australopithecinae indices between 
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10-16, the fossil Hominidae 14-22. It is not necessary to underline that 
this procedure is without any foundation and without scientific value. 

In all fossil forms the body weight will always remain completely 
unknown, and every cephalisation coefficient unreliable. We therefore 
tried to use in place of the body weight (which even in recent specimen 
depends too much upon the environment and local or individual conditions) 
an exact measurement, which can be taken on the same skull. It might 
be assumed, that within the same group there is a general relation between 
body weight and the size of the dentition; among the living Anthropoids 
this is clearly the case. In the dentition the canines and, influenced by 
them, the premolars form an unstable element of great secondary variation. 
We therefore use here only the length of the molars, and introduce here 
a Brain-Molar Coefficient — brain capacity divided through the mesiodistal 
length of the three upper molars —. This coefficient can be determined 
not only without great difficulties in modern, but also in fossil skulls, 
which now might be compared with the same degree of accuracy. 

In table 1 we recognize three different groups. The lowest index is 
that of the Cercopithecidae, which is based upon the measurements of 


TABLE 1 
Brain — Molar Coefficient of higher Primates 
Molar 
capacity: | Length: 
ee ERS Index: 

Cexcopitmecuism leu cami; yx) ie ences 59 18.2 3. 

C. diana (f) . Shs cane ha mer 28's 75 16.7 4.5 
ini, Oeianojomnacrorcler (UB, ¢ 5 5 5 5 o 6 a ao — — 3.8 
IPQjON® Cyaaoee@iwolacdlme: (HM) o so oo 5 ae 210 41.0 5.12 
Hylobates muelleri (my... ....%... $8. >. 195 4.6 
H. muelleri (f). . 5 Bah ea ae ae oe 101 ya | 5.9 
Symphalangus syndactylus........ 73 24.8 6.9 
hy. labyllojoznnclys (GENS = o 5 6 o 6 6 ao ao — — 5.6 
Anthropopithecus troglodytes (m)... .| 290 26.6 10.9 
Mo WeoOgllochwuies (aM) » so 4 1 ob 5 eb on 349 25.1 13.9 
av, Anthropapithecus (7)... « «+ . sc et — — 11.8 
IP @mysoy JOG CAs og oo a a a a oo A 389 31.4 12.4 
RU uO OLN era cy he, Pa lanPec tree: ed. ge ey 400 40.8 9.8 
chipalentonmyeatey (GI om elon nt came Naek G:C — -- 10.9 
Choreiillen gaoiiihks (Ga So 6 4 oo 5 ooh a on 591 45.4 13.0 
GO On Leva (th) eerie 1 dance eee en enc ei o 402 44.9 9.0 
av. Gorilla (10). . a = 11.7 


— between brackets: 
number of specimen. 
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13 skulls, belonging to the following species (in brackets the number of 
skulls): leucampyx (4), buettikoferi (2), diana (2), campbelli (1), 
brazzaea (1), albigularis (1), samango (1), petaurista (1). The 
individual species show practically no difference in index. 

The same must be said for the second group, formed by the Hylobatidae, 
where there is no difference between the smaller species (or subspecies) 
and the larger Symphalangus syndactylus from Sumatra. The 
Cercopithecinae and the Hylobatidae seem to be more or less separated 
but for Papio, of which only one skull could be measured, just reaching 
the lowest value for the Hylobatidae. How much this is a rule could 
only be decided when a larger series of measurements is dealt with, 
possibly the large canines and exaggerated lower anterior premolar of 
Papio have influenced the dentition in an abnormal way. 

There is in our list no transition from the Hylobatidae to the Anthro- 
poids, which form the third group. Here too, with the exception of the 
Gorilla, the indices show relatively little variation, and, for all three 
great apes, lie close together. 

As for modern man, as might be expected, the enormous variability 
which is characteristic of Homo sapiens is also reflected in the brain- 
molar coefficient. Only skulls with a fully erupted third molar could be 
used for our purpose, which form quite a small percentage of the whole 
collection. In the ten skulls measured, the average brain capacity was 
1333 cem, and the average length of the three molars 28.2 mm. It might 
be said, that normal indices for Europeans lie between 40 and 50. It 
would be of interest to see in how far the racial groups show differences. 


TABLE 2 
Brain Molar Coefficient of Modern Man 


WMielsrissiant igo se i ade ne a ee 33.1 
PECAN SLENASS an os eS 5 iol rh a ee inl og ks 44.7 

45.6 
LU EDL oy het ee One ee ee a ee eran 45.5 
46.6 
46.9 
47.7 


Min. Av. Max. 
GIO PSH LO), eee cena veles eid ce eG ce a we 33.5 47.3 57.1 


I am much obliged to Prof. Boscuman, Leiden and Prof. WOERDEMAN, 
Amsterdam, who kindly permitted us to make use of the Zoological 
Collection of Leiden and the Anatomical Collection of Amsterdam. 
Dr P. Marks took most of the measurements of the anthropoids, Mr Kry 
those of the human skulls; Dr J. Huizinaa was so kind to give us the 
measurements of some Papuan and Malay skulls, which are preserved 
in the Anthropological Collection of the University of Utrecht. 
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The various indices most probably indicate different evolutionary 
stages. It is interesting to see, how our indices show the same arrangement 
as the various growth curves for the relative cranial capacity given by 
Scuuttz (1941, p. 282) where also the Cercopithecidae are separated 
from the Hylobatidae, and the latter from the great apes, which as in 
our case form one inseparable unit. 

Our highest index for Hylobates is 7.2, the lowest for the great 
apes, in that case a female gorilla, is 8.9; a transition seems possible. 
Between the highest index for the chimpanzee of 13.4 and the lowest 
observed in Man of 33.5 there is a wide gap, that will not be bridged 
by normal individuals. Here we might look, how the fossil specimen 
will fit in. 


TABLE 3 
Brain-Molar Coefficient of Early Hominids 
; Molar | 
Capacity: 
ee length: Index: 
(cem) 
(mm) 

Australopithecinae : 
DIEM slEEOlNUIE: Woo a 6 b 6 oo ha 5 2 ee 482 36.0 | 13.4 
Pithecanthropus : 
12, GaaVerch Olecheuncracancs ~ Ge 8 5 2 on Fee SC 1000 38.7 | 25.8 
Pa MOU, & Hao wo cen oho Wed nomamn nee 775 31.8 | 24.3 
Sinanthropus : 
SimeRamle@owiss AOE 5 5 6 5 ao & On Oo oe 1060 31.0 | 34.2 
MGA MPO YOUNS (ENA) 6 o 5 6 6 5 6 6 eo 5 eo 1043 2.2 32.4 
Homo neanderthalensis : 
Stoiwihelniy mae ease eee eh a oe) es: ey eee 1100 30.0 36.7 
DOU GSIa gimme Mui nila enn s Strano. ony kee os 1325 31.0 42.8 


That Neanderthal Man falls into too low values for Homo sapiens, 
is no surprise. The indices might not be exact; the measurements for the 
molar length for Rhodesia was taken from a photograph, those of 
Steinheim from a cast. 

The index for Sinanthropus is lower than Steinheim but still higher 
than 30. It might be noted that Sinanthropus XI, the only find in 
this series where a calvaria with known capacity and a fragment of a 
maxilla (cat. nr. 4) might belong to the same individual gives the same 
index as the average values. 

The indices for Pithecanthropus are definitely between 20 and 
30. As for Pithecanthropus modjokertensis (skull nr. IV) the 
capacity is an estimate (WEIDENREICH), for Pithecanthropus erectus 
the three molars belong to an undescribed dentition, representing a 
different individual than that to which the skull (nr, II) belongs. 
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Now the critical question, what about the Australopithecinae? The 
only individual, in which the capacity could be measured, is Plesian- 
thropus V. In this specimen, however, the teeth have fallen out, so 
the molar length can only be estimated. Using Broom’s and Ropryson’s 
figures 2 and 4 the molar length is here computed as 36.0 mm, which 
most probably is too low. Even then the index is only 13.4. If we use 
the measurements for upper molars of Plesianthropus given by Broom 
earlier (1946), the molar length would be 40.0 mm or even higher, the 
index would be still lower. If we would allow for the anthropoid group 
a maximum index of 15.0, which probably is the limit, then the average 
Paranthropus crassidens would have had a capacity of 630 ccm, 
while larger individuals even might have reached 700 cem — which, 
for other reasons, has been our estimate — without falling outside the 
anthropoid group. 

With an index of only 13.4 Plesianthropus — and with him the 
Australopithecinae — remains within the range found for the great 
apes, far below the Pithecanthropus level. 

That our method of evaluating the higher primates has some significance 
might also be evident from the fact, that AsHTon (1950), using modern 
statistical techniques, comes to exactly the same results. “It is shown 
that although the endocranial volumes of most of these extinct anthropoids”’ 
— the Australopithecinae — “‘are greater than in the chimpanzee, none 
differs significantly from the male gorilla, whereas all are significantly 
smaller than the hominid genus Pithecanthropus” (1950, p. 720). 

Thus according to the capacity, and as we have shown also according 
to the brain-molar coefficient the Australopithecinae are not intermediate 
between the Anthropoids and the Hominids s. str. It will be seen that a 
study of the dentition leads to the same result. 


(to be continued) 
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ENTROPY AND MOBILITY OF ADSORBED MOLECULES 
IV. ALIPHATIC HYDROCARBONS ON CHARCOAL 4) 


BY 


J. H. DE BOER anv 8. KRUYER 


(Communicated at the meeting of September 26, 1953) 


1. INTRODUCTION 


In 1950 Ray and Box published data on the adsorption of many gases 
at relatively high temperatures and at high pressures. All their adsorption 
measurements were made on the same charcoal, the specific area of which 
was estimated by means of the method of BRuNnaurER, Emmerr and 
TELLER and found to be 1152 m?/g. In article II of this series we used 
their data on the adsorption of nitrogen and in article III those on hydrogen. 
A great number of aliphatic saturated and non-saturated hydrocarbons 
were investigated by Ray and Box ”), and we intend to analyse their data 
in this article, calculating the differential heat of adsorption, AH, and the 
differential adsorption entropy, AS, in the manner described in previous 
articles of this series. The experimental data on AS thus obtained are then 
used to calculate AS® for the standard states of the two models of 
adsorption, which we introduced in article I of this series, viz. the model 
of the “‘entropically ideal site adsorption”, AS?, and the model of the 
“entropically ideal mobile adsorption’, AS®. These experimental figures 
are subsequently compared with theoretical figures, namely the total 
translation entropy of the gas in the standard state at the given tempera- 
ture, ,S%,, and the difference between this entropy and the entropy of the 
ideal two-dimensional gas in its standard state at the same temperature, 
o> — a4. When compared with the experimental ones these theoretical 
figures enable us to derive conclusions with respect to the mobility of the 
adsorbed molecules. 

Some other data on the adsorption of aliphatic hydrocarbons on 
charcoal or on graphite taken from older literature have been included 
in this investigation, in so far as these data enabled us to calculate the 
thermodynamical figures and also the specific area of the adsorbent, the 
latter in order to compute the degree of occupation, 0. 


1) J. J. H. pz Borr and S. Kruyer, Proc. Kon. Ned. Ak. v. Wet., 55B, 
451 (1952); II. Proc. Kon. Ned. Ak. v. Wet., 56B, 67 (1953); IIT. Proc. Kon. Ned. 
Ak. v. Wet., 56B, 236 (1953). 

2) G. C. Ray and HE. O. Box, Ind. Eng. Chem. 42, 1315 (1950). 

27 Series B 
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2. SATURATED ALIPHATIC HYDROCARBONS 


a. Methane 

Miss Homrray 3), whose data on the adsorption of argon and of nitrogen 
on charcoal we already used in articles I and II respectively, also published 
some data on the adsorption of methane on the same charcoal. For the 
specific area we used the figure 303 m2/g, as derived from the adsorption 
data of nitrogen (article IT). The data are assembled in table I, which is 
similarly arranged as the tables of our previous articles. 


TABLE I 
CH, on charcoal; data from I. F. Homrray 


he and T, qn @ —AH —A; iy ioe —AS? oor = gee 
°C he keal/mol e.u. eu. | @.u. e.u. 
— 18 and 0 264 | 0.17 4.97 18.0 °° 33.7) ie 10.6 
0.24 4.81 PTE a | 10.1 
0.33 4.97 18.4 11.0 
0.40 5.18 19.5 | 12.3 


The figures obtained with the data of Ray and Box are given in table II. 


TABLE II 
CH, on charcoal; data from G. C. Ray and E. O. Box 


Ty and Ts i 6 | a. —ASs? tr Ase pSya a aor 
AQ °K keal/mol eu, | eu. | e620. eu. 
37.8 and 93.3 339 | 0.03 4.1 17.6 | 349] 89 10.8 
0.04 | 4.1 17.7 8.9 
0.05 4.0 17.5 | 8.8 
0.17 3.7 17.4 PP isad 
0.19 3.8 17.6 | 9.3 
0.20 3.8 18.1 9.7 | 
0.22 3.8 18.2 | 9.9 | 
0.24 See 18.1 | $a 4 
93.3 and 148.9 | 394 | 0.02 4.7 19.3 | 35.6 | 10.4 | 11.0 
0.10 4.6 | 19.5 | ee ga 
0.11 4.6 19.8 | 10.7 | 
0.15 4.6 19.6 10.7 
0.19 4.6 19.8 11.2 


The model of site adsorption does not give a satisfactory picture of 
this adsorption. Comparing — AS® and (,S?, — gS?) we see that the 
adsorption of methane on charcoal is mobile, only one degree of trans- 
lational freedom is lost by adsorption. There is no, or a very slight, 
hindering of the free movement of the adsorbed molecules along the 


’) I. F. Homrray, Z. physik. Chem. 74, 129 (1910). 
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surface at room temperatures (table I), whilst there seems to be even a 
“super-mobile” adsorption 4) at higher temperatures and low degrees of 
occupation. 


b. Ethane 

All figures obtained by calculating entropies from the data of Ray and 
Box are assembled in table III. 

It is again the mode! of mobile adsorption which gives the best descrip- 


TABLE III 
C,H, on charcoal; data from G. C. Ray and E. O. Box 
T,andT, | T | Daas OE easy |All As, | (85 2S 
a & aK | keal/mol eu e.u. eu. eu; 
/ | 
37.8 and 65.6 | 325 | 0.37| 6.7 OU. 36.65), 14,8 11.4 
| | 0.42 71 23.0 16.1 
| | 0.47 | 7.5 24.8 18.0 
0.52 7.6 25.4 18.8 
0.58 Wy 29.1 pee 
65.6 and 93.3. | 353 | 0.21 | 6.6 20.204 87.0 1 ei 11.5 
| 0.26 6.9 21.5 13.8 
0.31 7.0 |"2L9 14.5 
| 0.37 6.9 Boek 14.8 
0.42 6.5 a3 14.2 
| 0.47] 6.4 21.4 14.5 
| 0.52 6.4 21.9 15.1 
93.3 and 121.1 | 380 | 0.16| 6.7 P 20.0e4 37.3.1 «121 11.6 
0.21 6.7 20.5 12.6 
(0.26) 64 20.1 1222 
0.31 6.4 20.4 12.8 
| 0.37 6.4 20.8 13.3 
| 0.42] 6.2 20.6 13.3 
0.47 | 5.6 19.4 12.3 
121.1 and 176.7 | 422 | 0.11 6.9 50.1.9} 37.8 |. 1ls iW ey 
| 0.16} 6.0 18.3 10.1 
| 0.21 6.1 18.9 10.8 
| | (0.26 6.2 19.7 11.5 
0.31 6.0 19.2 11.4 
| 0.37 6.2 20.3 12.6 
176.7 and 204.3 | 464 | 0.11 6.7 19.6) 38:3} 101 Lies 
0.21 6.9 18.3 9.9 
0.26 6.3 19.8 11.4 
0.31 5.6 18.3 10.3 


4) This conception was introduced by C. KempBaiy, Advances in Catalysis IT, 
233 (Academic Press, New York, 1950); see also J. H. DE Borr, The Dynamical 
Character of Adsorption, Chapter VI (The Clarendon Press, Oxford, 1953). 
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tion. There is some hindering of the free movement of the molecules over 
the surfaces at the lower temperatures and especially at the higher degrees 
of occupation, whilst there is a slight tendency towards a “super-mobile” 
character at the higher temperatures. 


c. Propane 


Table IV contains all necessary data. 
The adsorption of propane is also best described by the model of mobile 


TABLE IV 
C,H, on charcoal; data from G. C. Ray and E. O. Box 
DrandT, Tt é ates =ASY | Se | =A oe 
10 °K keal/mol Calls e.u. ©.u. e.u. 
37.8 and 65.6 | 325 | 0.56 er 2190 SrtA 11.8 
0.59 Bes 22.1 16.2 
0.66 8.0 23.4 f 18.4 
0.73 8.3 25.2 20.1 
65.6 and 93.3 | 353 | 0.40 4.5 11.6 | 381] 4.9 11.9 
0.46 6.0 16.2 9.7 
0.53 6.6 18.5 ing 
0.59 7.4 31.3 15.3 
0.66 8.5 24.9 | 19.3 
93.3 and 121.1 | 380 | 0.27 6.5 16.9 | 38.5] 9.4 | 11.95 
0.33 6.9 17.894 (10.6 
0.40 7.4 19.5 | 12.6 
0.46 7.9 21.4 ) S245 
0.53 8.0 257 ol 15.7 | 
0.59 7.4 21.4 15.2 | 
121.1 and 148.9 | 408 | 0.27 7.5 20.6 | 38.8 | 12.9 12.0 
0.33 8.2 PA ol 144+} 
0.40 8.7 234 15.0 
0.46 8.7 21.6 14.7 
0.57 8.7 21.2 | 14.5 | 
| | | 
148.9 and 176.7 | 436 | 0.20 ae | FSD PSO. Ta) ars 12.1 
0.26 m8 19.9 12.3 
0.33 8.1 20.9 | 13.5 
0.40 7.8 ~~") 90.8011 | 13.3 
0.46 ia | 20,0" 4 | 13.0 
176.7 and 204.4 | 464 | 0.15 10.1 | 24.3 | 39.5] 16.2 12.15 
0.20 9.6 23.4 | | 15.4 
0.26 9.2 | 22.9 | 15.1 
0.33 a2 | aoe 13.6 
0.40 “83 | 19.6. | 12.2 


adsorption. There is, however, a somewhat more serious hindering of the 
free movement, especially at the lower temperatures. 
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d. n-Butane 
The data are assembled in table V, which again points to mobile 
adsorption with a slight hindering of the mobility along the surface. 


TABLE V 
n-C,H,, on chareoal; data from G. C. Ray and E. O. Box « 
7 cend F. | f§ P —AH —AS? | ,S% oo® — oS 

3 8. °K keal/mol e.u. e.u. e.u. 
65.6 and 93.3 4 
0.63 6.1 14.6 9.2 
| G6T | 7.0 17.3 12.2 

93.3 and 121.1 | 380 | 0.53 | 7.0 15,9 9 1239.3 10.0 12.2 
| 0.55 7.0 16.2 10.4 
| 0.59 | 6.9 16.2 10.6 
0.61] 6.9 16.5 10.9 

121.1 and 148.9 | 408 | 0.42 9:3 Drakes Bee 14.8 12.3 
| 0.46 9.0 20.7 14.5 

148.9 and 176.7 436 | 0.21 9.4 20.2 | 40.0] 13.0 12.4 
0.25 9.4 20.1 12.9 
| 0.29 | 9.5 20.5 13.5 
| 0.34 9.7 21.0 14.1 
0.38 9.8 22.1 15.3 
0.40 10.0 22.6 15.9 

176.7 and 204.4 | 464 | 0.19 10.3 21.4 | 40.3 13.9 12.4 
0.25 | 9.2 17 12.3 
0.29 8.9 19.4 12.2 
0.34 8.5 18.8 Ley 


e. n-Pentane 

The adsorption of n-pentane on charcoal has been investigated by 
GoLpDMANN and Poxanyr®). Their isotherms of — 15.2°C and of 0°C 
could be used for the estimation of the amount of pentane which just fills 
a unimolecular layer by means of the method of BRuNAUER, EMMETT and 
Teer ®). We found this amount to be 0.286 grams per gram of charcoal. 
This figure enables us to calculate the degrees of occupation, #. The 
isotherms of 0° C and 20.5° C could be used for entropy calculations. The 
data are assembled in table VI. 

We see that at this relatively low temperature and at relatively high 
degrees of occupation neither of the two models gives an adequate 
description of the adsorption. Further on in this article we shall discuss 
the behaviour in conjunction with that of other molecules. 


5) F. Gotpmann and M. Potanyt, Z. physik. Chem. 132, 321 (1928). 

6) §. Brunavuer, P. H. Emmet and E. Teiier, J. Am. Chem. Soc. 60, 309 
(1938); see also 8. Brunaver, The Adsorption of Gases and Vapours (Oxford 
Univ. Press, London, 1943). 
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TABLE VI 
n-C,;H,, on charcoal; data from F. GOLDMANN and M. Pouanyl 


SS 


T, and T, D Ae —AS? Boye = ABs, ‘tr ee at 
°C ah v keal/mol eu. | eu. Gauls e.u. 
0 and 20.5 283 | 0.37 13:1 30.0 | 38.5 | 24.0 12.15 
0.46 12.2 27.8 22.1 
0.50 11.5 26.0 20.4 
0.67 11.3 26.5 | 21.9 
f. n-Heptane 


The adsorption of n-heptane on graphite was investigated by R. NELson 
SmirH 7). The Brunaver, EmmMetr and TrLier technique could be 
applied to his isotherm of 21.1° C, giving a value of 0.256 normal cm? of 
n-heptane per gram of graphite for the unimolecular coverage. Using the 
specific area figure of 59.4 A? per molecule of n-heptane, as given by: 
Livineston 8), we obtain 4.1 m?/g for the specific area of the graphite. 
If we use another figure for the molecular area of n-C,Hj., viz. 46.2 A?, as 
discussed in conjunction with table XII, the specific area of the graphite 
is only about 3.2 m?/g. This, of course, does not affect the data for @ in 
table VII, which contains the necessary data on the adsorption of n-C,H,, 
on graphite. 

TABLE VII 
n—C,H,, on graphite; data from R. Netson Sire 


Tso eae ek 5 —AH | —AS® | ,S? | —4S°| ,S? — ,S? | —AS 
°C °K keal/mol eu. | @.U. | eu | e.u. | e.u. 
21.1and 27.6 | 297.6| 0.31 18.6 | 42 | 39.7] 36 125 | 40 
0.39 19.0 or oe 37 41 

27.6 and 34.3 | 304.2| 0.16 17.5 | 88 [S0.8|) "See i) Seite 35 
0.23 19.0 |} 43 | 38 41 

0.31 18.2 | 41 35 | | 39 

0.39 17.5 Ye 38 | ae 37 


The loss of entropy is even somewhat greater than would correspond 
with the model of “‘entropically ideal site adsorption’. We shall discuss 
this behaviour later in this article. 


3. NON-SATURATED ALIPHATIC HYDROCARBONS 

a. Hthene 

The adsorption of ethene has been investigated by Miss Homrray 3) on 
the same charcoal as mentioned under 2a of this article. The data are 
assembled in table VIII. 


Table IX also contains data on the adsorption of ethene, according to 
measurements of Ray and Box. 


") KR. Netson Smiru, J. Am. Chem. Soc. 74, 3477 (1952). 
8) H. K. Livrnaston, J. Colloid Sci. 4, 447 (1949). 
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TABLE VIII 
C,H, on charcoal; data from I. F. Homrray 


T, and 7, 2 - —AH —AS} | S?. | —48%, | ,S?! — ,S? 
aC SIN keal/mol e.u. e.u. e.u. é@.u. 
20 and 46 306 | 0.32 6.8 18.6 36.1 1 Ket dies 
0.42 6.8 Ese la yee 
0.53 a 19.7 13.0 
78 and 100 362 | 0.17 iG 20.4 36.9 123 11.45 
0.31 ees 20.2 12.5 
0.37 1.5 20.9 13.3 
TABLE IX 
C,H, on charcoal; data from G. C. Ray and E. O. Box 
] | i. 
TandT, | T | , a ee ee ee eee 
°C °K. | keal/mol e.u. e.u. e.u. e.u. 
37.8 and 65.6 | 325 | 0.54 Bo ae lsé4 1 18.8 11.3 
0.56 5.3 19.2 IPE 
| 0.61 5D 20.3 14.1 
0.64 5:5 20.4 14.4 
93.3 and 121.1 380 | 0.15 B25 17.9 SWirll 9.7 11.5 
0.30 5.7 19.2 11.5 
0.36 apy 19.7 12:1 
| 0.41 sea 20.0 12.5 
0.46 5.6 19.8 12.6 
121.1 and 148.9 | 408 | 0.10 5.8 18.3 37.0 9.9 LRG 
0.15 5.2 t Evia t 8.8 
0.20 5.1 17.2 9.0 
0.25 4.9 16.8 8.8 
| 0.30 4.9 Wise 9.4 
| 0.36 4.5 16.6 8.8 
0.41 4.4 16.7 9.0 
148.9 and 204.4 | 450 | 0.15 5.8 18.5 38.0 10.1 a be 
| 0.20 Deal 18.5 10.2 
| 0.25 5.6 18.6 10.4 
0.30 5.5 18.1 10.1 


It is obvious, from both tables, that the adsorption is of a mobile 
character. There is only a very slight restriction of the movement along 
the surface at the lowest temperatures and higher degrees of occupation, 
whilst there is a tendency to super-mobility at the higher temperatures. 


b. Propene 


The data on the adsorption of propene, derived from the measurements 
by Ray and Box are assembled in table X. 

The adsorption is of a mobile character, there being some restriction 
of the movement along the surface at the lower temperatures. 
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TABLE X 
C,H, on charcoal; data from G. C. Ray and E. O. Box 
gh euacol YL 9B 4 —AH —AS? | Si. eee, 0 — ,S% 
me els keal/mol ©. e.u. e.u. e.u. 
le eat di PS al cr a aN a i ME) a ee ee 
37.8 and 93.3. | 339 | 0.26 8.3 21.3 |) 37.8 14.1 11.8 
0.29 8.3 21.6 14.5 
0.32 8.3 21.6 14.6 
0.36 8.3 21.8 15.0 
0.39 8.2 21.9 15.1 
0.42 8.1 21.6 15.0 
0.45 Uo!) 21.4 14.9 
0.47 7.8 20.8 14.4 
93.3 and 121.1 380 | 0.16 8.3 20.9 | 38.5 13.3 11.9 
mOs23 8.1 20.6 13.1 
0.26 8.1 20.8 | -13.4 
0.29 8.1 21.3 14.0 
0.32 8.0 21.0 13.8 
0.36 7.9 21.0 13.9 
121.1 and 176.7 | 422 | 0.16 eo 18.9 38.9 Late dh 12.0 
0.19 Wau 19.4 | 11.6 | 


c. Acetylene 
The adsorption of acetylene was also measured by Ray and Box. The 
data are assembled in table XI. 


TABLE XI 
C,H, on charcoal; data from G. C. Ray and E. O. Box 


Tyrand 1, ff , Neh —AS? | ,S2. | —As® | ,S2 — ,S° 

°C °K keal/mol e.U. | eu. | esa. e.u. 

37.8 and 65.6 | 325 | 0.15 6.5 | 21.6 «1 SOk i dae 11.3 
0.17 6.1 20.3 | 12.5 
0.19 5.8 19.7 | | 12.0 

65.6 and 93.3 | 353 | 0.12 6.0 20.1 | 36.5] 11.9 11.35 

93.3 and 121.1 | 380 | 0.07 4.7 16.6 | 36.9] 8.3 11.4 
0.10 4.8 17.0 8.8 


The adsorption is again of a mobile character with some restriction of 
the movement along the surface at the lower temperatures and some 
super-mobility at the higher temperatures. 


4, Discussion 
a. The lighter molecules 


The adsorption of methane when compared with those of argon (article I) 
and nitrogen (article II) reveals a picture similar to that presented by 
these latter gases. Methane, when compared at the same temperatures, 


423 


shows perhaps slightly less tendency to super-mobility, which would be 
in agreement with the somewhat higher figures for the differential heat of 
adsorption of methane. 

Comparing the homologous series of saturated hydrocarbons, we see 
that the mobility decreases towards the higher terms of the series. CH,, 
C,H,, C3Hg and n-C,Hj, however, all behave as two-dimensional gases 
when adsorbed on charcoal in the temperature range from 40° C to 200° C, 
The higher the term of the series the more pronounced the tendency to 
show a somewhat hindered movement along the surface, whilst there is 
less tendency for super-mobility at comparable temperatures. A discussion 
of the adsorption of nitrogen in article II of this series revealed that such 
a hindering of the free movement is restricted to the free translational 
movement and does not affect the rotation. We may assume the free 
rotation of the adsorbed hydrocarbons, up to n-butane, not to be hindered. 
This picture is in accordance with the differential heats of adsorption. If 
the adsorption of these molecules were of an immobile character, one 
might expect the molecules to lie flat on the surface, while the heats of 
adsorption would roughly have the ratio 1 : 2: 3: 4. In reality we find 
a slower increase in AH. Taking the average figures for temperatures 
higher than 100°C we obtain the following 


figures for — AH CH, 4.6 kcal/mol 
Cots 6.3 Fe 
Cr. Sis 
n—C,H,5 8.8 2 


These figures are in better agreement with those which we may expect 
from rotating molecules of increasing polarizability and showing an 
increasing mean distance from the surface. 

It may undoubtedly be expected that at lower temperatures the free 
rotation of the molecules will also be seriously restricted and that an 
increased preference for a flat position on the surface will be found. 

A comparison of C,H,, C,H, and C,H, reveals that, at the same tempera- 
tures, the tendency to show some super-mobility increases in this order. 
The same holds for C,H, and C,H,. 


b. The larger molecules 


n-C;H,, and especially n-C,H,, have been investigated at somewhat 
lower temperatures. The entropy data show that appreciably more entropy 
is lost in the act of adsorption than would correspond with one degree of 
translational freedom. In order to derive an adequate picture of the 
adsorption, a study of the surface area occupied by each molecule in a 
fully occupied unimolecular layer may be made. It may reveal whether 
or not the molecules lie flat on the surface. 
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The molecular area of a freely rotating adsorbed molecule is practically 
the same as the two-dimensional van der Waals’ constant 6, °). These 
b,-values for the homologous series of hydrocarbons up to n-C,H,, are 
given in table XII. They are calculated with the aid of the equation given 
by Hix *) 

b, = (6,345 x 10-28) (7,/P,)?" 


where 7', and P, are the critical temperature (in degrees K) and the critical 
pressure (in atmospheres) respectively. The third column gives the mole- 


TABLE XII 
experimental 
bs Temperature 

Gas : = , molecular area wn °C 

in 10 em. in 10“ cm? | in 
Chr eae eas, 16.4 16.0 =159 
(ORs Moree tego ee e 21.6 22.5 — 183 
Ca pecen esas Gere ick 26.7 = = 
pO 5 a be ede © oS 33.0 44.6 i) 
MO Ane Ho Moa oo Ge 37.3 37.1 (a) 10 

rel Oh ¢ rag oa na eer 42.3 = = 
Te Oo eR ie a Meee 47.0 (b) \ 59.4 24 ) 
j 46.2 ©) 24 | 

ro O/9 yan Ge to Maes os Ok ee 51.5 = = 


(a) This figure is not taken from Livrneston, but calculated from the data of 
GoLtpMANN and Potanyi (table VI) who used the same charcoal for adsorption 
measurements of C,H,Cl. From these measurements the specific area of the charcoal 
can be estimated at 885 m?/g. This figure together with the unimolecular coverage 
of 0.286 g/g for n-pentane leads to 37.1 A? for the molecular area of n—C;H,,. | 

(6) ‘The figure of 56.0 for 6, of n—C,H,,, mentioned in J. H. pE Borr, The 
Dynamical Character of Adsorption, page 150, table 9, was derived from the figure 
for b in the Handbook of Chemistry and Physics (Chem. Rubber Publ. Co., 
CLEVELAND, 1951). This figure does not fit in with those of the other hydrocarbons 
and is, apparently, wrong. The figure 47.0 is calculated from 7, and P,, mentioned 
in the same Handbook. 

(c) The experimental molecular areas are calculated by Livrycston from the 
“best values” for the Coverage, found experimentally. Most adsorption experiments 
were made with adsorbents other than charcoal. From Livinaston’s own figures 
on the adsorption of n-C,H,, on graphite, the figure 46.2 A? is found. }) 


cular area, derived from adsorption data at the temperatures mentioned 
in column four, as published by Lrvryesron 8). 

The experimental value of n-butane, viz. 44.6 A? is in accordance with 
the molecular surface area of a flat-lying molecule. This figure is derived 
from data about the adsorption on adsorbents other than chareaol or 

*) J. H. pe Borr, The Dynamical Character of Adsorption, Chapter VIIT (The 
Clarendon Press, Oxford, 1953). 

) T. L. Hux, J. Chem. Phys. 16, 181 (1948). 


11) See also H. K. Lrvinesron, J. Am. Chem. Soc. 66, 569 (1944); G. E. Boyp 
and H. K. Lrvryeston, J. Am. Chem. Soe. 64, 2383 (1942). 
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graphite. The figure for n-pentane, viz. 37.1 is derived from adsorption 
measurements on charcoal; this figure points to a rotating adsorbed mole- 
cule, a flat-lying molecule of n-C;H,, would occupy more than 44 A?. !2) 
A similar behaviour is found for n-C,H,,, where the figure, given by 
LIVINGSTON, viz. 59.4 A®, is derived from adsorption data on adsorbents 
other than graphite or charcoal. This figure points to a flat-lying position. 
The adsorption data on graphite lead to a surface area of 46.2 A, in 
accordance with that for an adsorbed rotating n-C,H,, molecule. 

If we may accept that n-C,H,, molecules, adsorbed on graphite at room 
temperature, more or less retain their free rotation in all directions, the 
data of table VII indicate that the free translations have stopped com- 
pletely. The mutual distances of the C-atoms in graphite are such that a 
large molecule as n-C,H,,, even if not flattened, covers many C-atoms and 
their interatomic spaces. It is, therefore, easily understood that local 
potential differences, due to the structural pattern of the surface of the 
graphite will affect the movements of these rotating large molecules 
probably less than those of rotating smaller molecules, at comparable 
temperatures. The complete loss of translational freedom in the case of 
the adsorbed n-C,H,, molecules must, therefore be due to other causes. 

The molecules probably form a two-dimensional condensed layer. In 
this state they rotate freely and determine their own molecular areas 
without being hindered by the structure of the surface of the graphite. 
Although all translational freedom has been lost, we should not consider 
this to be a case of site-adsorption, as the restriction of the free movement 
is not caused by the interaction with the surface and its potential pattern, 
but by the neighbour molecules of the two-dimensional condensed phase. 

The attraction by the surface as a whole together with the mutual 
attraction of the adsorbed molecules in the two-dimensional condensed 
state result in a differential heat of adsorption, 4H, of more than 18 
keal/mol and in a rather high differential adsorption entropy, AS. As the 
picture which we have developed for this adsorption can neither be 
described by the model of mobile adsorption nor by the model of site 
adsorption, we have added a last column to table VII, giving the values 
of AS following from the experimental data, hence the values which are 
not corrected for a standard state. The values of 18 kcal/mol for 4H and 
of roughly 40 e.u. for AS may be compared with the heat of evaporation 
of liquid n-C,H,, at 25°C, viz. 8.74 kcal/mol, and the corresponding 
entropy of evaporation, viz. 23.7 e.u., respectively. The stronger binding 
forces in the case of adsorption cause a more severe restriction of the free 
movement. Whilst on condensation the molecules do not lose all their 
translation entropy (part of which is found back as entropy of vibration 


12) The length of a hydrocarbon C,H,,,,. is taken to be {4 + (n — 1) 1.29} A 
and its width 4.8 A. The surface area of a flat lying molecule is, therefore, at least: 
4.8 {4 + (n — 1) 1.29} A. Livinesron (loc. cit. 11), in calculating the length, has 
forgotten the effect of the two CH,-end-groups (4 A). 
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of the molecules as such), the act of adsorption on charcoal, apparently, 
causes a loss of entropy which is approximately equal to the total entropy 
of translation of the molecules. 

The picture, therefore, of a condensed two-dimensional phase, in 
equilibrium with a two-dimensional vapour of such a low surface density 
that the entropy of the “gaseous” part does not contribute substantially 
to the total entropy of the adsorbed state, may give an adequate description 
of the adsorption of n-C,H,, on graphite at 25° C and 30° C. The adsorbed 
molecules have no entropy of vibration perpendicular to the surface, 
they will rotate rather freely, unhindered if there is no vibration entropy 
parallel to the surface, somewhat hindered if some vibration entropy is 
left. 


A partial restriction of the free movement, as found with n-C;H,,. may 
mean a co-existence of a two-dimensional condensed phase and its two- 
dimensional vapour. the latter of such a surface concentration that its 
entropy contributes substantially to the adsorption entropy. The two- 
dimensional condensation, which on a perfectly homogeneous surface 
should set in at a definite degree of occupation (step-wise adsorption), 
occurs continuously on a surface which is heterogeneous with respect to 
van der Waals’ adsorption. 


5. SUMMARY 

1. The adsorption entropies of the normal saturated aliphatic hydro- 
carbons, when adsorbed on charcoal, show that. at temperatures between 
40° C and 200° C, the lower terms behave as two-dimensional gases. The 
molecules move freely over the surface and retain their free rotations and 
inner vibrations. 

2. The greater the number of carbon atoms in the molecule, the 
higher the degree of occupation, and the lower the temperature, the 
greater the tendency to some restriction of the free movement. 

3. A study of the molecular area of the adsorbed molecules suggests 
that even the larger molecules of n-C;H,, retain their rotation in all 
directions. 

4. The loss of translational entropy of the larger molecules must be 
ascribed to two-dimensional condensation. In the two-dimensional con- 
densed state the molecules retain their rotations and inner vibrations. 

5. At sufficiently high temperatures and at sufficiently low degrees of 
coverage molecules of CH,, CyH,, CyHy, (CsH,) and C,H,, when adsorbed 
on charcoal, show some degree of Super-mobility. 
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PALEONTOLOGY 


THE AUSTRALOPITHECINAE AND PITHECANTHROPUS II 
BY 


G. H. R. VON KOENIGSWALD 


(Communicated at the meeting of September 26, 1953) 


For the determination of the phylogenetic position the dentition is of 
special value. In the Australopithecinae the permanent dentition has a 
human appearance by the small canines, the non-sectorial lower anterior 
premolar and the absence of a diastema in the upper jaw which causes a 
continuous row of teeth. 

The presence or absence of a diastema — often called the “simian gap” 
— is not a typical human characteristic either. In Oreopithecus bam- 
bolii from the Lower Pliocene of Northern Italy, which by some authors 
is regarded as a kind of Cercopithecus, by others as an anthropoid (vide 
HiirRZELER 1949), there we not only see no diastema and a small canine, 
but also the anterior lower premolar has two well developed cusps, 
resembling the conditions observed in Sinanthropus (WEIDENBEICH 
1936, fig. 73) and Australopithecus prometheus. On the other hand 
Pithecantropus modjokertensis has a clear diastema of 4 mm on 
each side proving the presence of this gap in early hominids. 

In the Australopithecinae the molars show a number of coarse wrinkles, 
different from those found in the chimpanzee and also the modern orang, 
but which much resemble conditions we observe in certain teeth of the 
fossil orang from the Pleistocene of Southern China. The crowns are worn 
flat, as in the Hominids; the same is also the case in the huge molars of 
Giganthopithecus blacki from the middle Pleistocene of Southern 
China. In the Australopithecus also the tip of the eanine might be worn 
down flatly as in Man, but in Pithecanthropus the slightly prominent 
canine is pointed showing two distinct facets of wear set in a sharp angle. 

Of the upper molars of the Australopithecinae the second is always 
larger than the first. For Plesianthropus crassidens the average 
difference between these two teeth is 1.4 mm regarding the mesiodistal 
length. The same conditions are typical for the large apes, but also for 
Pithecanthropus modjokertensis. I only know of three cases in a 
very great material of Homo sapiens where the second molar is 
dominant. 

An accessory cusp, to which several authors attach a special phylo- 
genetic significance, is the “Carabelli tubercle’, attached to the lingual 
surface of the protocone, generally in the first molar. According tops Terra 
(1905 p. 161) this cusp should only occur in Man. ApLorr (1908) who also 
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observed it in some lower primates, even went further and regarded “it 
supposed complete absence in anthropoids as a distinct proof that Man 
could not have been derived from an anthropoid stock but directly from 
some low primate type” (WEIDENREICH 1936). 

What now is this cusp? In some cases we find a pit, a deficiency instead. 
The molars of Proconsul, Limnopithecus and Pliopithecus, but 
also sometimes in the Chimpanzee and the Gorilla show a distinct cingulum 
at the lingual surface of the protocone, which passes into the hypocone: 
the pit is the last remnant of this cingulum, while the cusp is a secondary 
outgrow. As the distribution of these structures show, they have no 
general significance whatsoever. 

A “Carabelli cusp” is present in the molar of “‘Sivapithecus ef. 
indicus’’ from the Lower Pliocene of the Siwaliks of India (GREGORY, 
Hit~tMan and Lewis 1938, pl. V, figs. B and C.). Among modern anthro- 
poids it has been observed in the gorilla by RemMANneE (1921) and BEn- 
NEJEANT (1936, fig. 123) while Hooter reports a doubtful case from a 
subfossil orang from Sumatra (1938, p. 239) this time on a second molar. 

In the Australopithecinae a tubercle is mentioned by Broom and 
Rosinson which occurs in two cases in Plesianthropus (1950 p. 41; 
Broom 1946, fig. 35). What has been described as a tubercle in Australo- 
pithecus africanus, however, had better be regarded as a pit, an opinion 
already expressed by WEIDENREICH. 

None of the molars of Pithecanthropus or Sinanthropus shows 
the Carabelli tubercle, which is irregularly distributed among modern 
Mankind (DE TERRA 1905, p. 157). According to PEDERSEN (1949, p. 97) 
the East Greenland Eskimo shows neither tubercle nor pit, while BoLtk 
observed a tubercle in 86 % of Dutch children. 

The “Carabelli pit’? is present in the fine molar of Dryopithecus 
darwini from the upper Miocene of the Vienna Basin, described by 
GLAESSNER 1931. It occurs regularly in the fossil orang from the Middle 
Pleistocene of Southern China; one case from Yiinnan has already been 
figured by WEIDENREICH (1936, fig. 336), it has also been observed in 
gorilla and the chimpanzee by pE TERRA (1905). 

According to Broom and Roprnson (1950) a pit is present in most upper 
molars of Plesianthropus. It is also known to occur in the only 
specimen of Australopithecus africanus. In the upper molars of 
Pithecanthropus no pit could be found, nor in the seven first 
upper molars of Sinanthropus pekinensis, while of Sinanthropus 
officialis, belonging to the Pleistocene orang-fauna of Southern China 
two cases could be observed. 

The first upper molar of Australopithecus africanus, also of 
Australopithecus prometheus and to a lesser degree also some 
molars of Plesianthropus show a straight fissure, cutting between the 
paracone and metacone and ending near the tip of the protocone (BRoom 
1946, figs. 7, 8, 32). The same type of fissure also occurs in Sinanthropus 
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(WEIDENREICH 1936, fig. 330), while the author could observe the same 
condition in the fossil orang of Southern China. 

Some upper third molars of Pithecanthropus modjokertensis 
show in the kind of wrinkling and the distribution of cusps a great simi- 
larity with teeth belonging to Plesianthropus (Broom 1946, p. 99; 
figs. 32, 42). 

The upper canine of Plesianthropus (Broom and Rosryson 1950, 
fig. 14) closely resembles the same tooth of Pithecanthropus, also in 
the oblique facette of wear, in the latter only the lingual tubercle is better 
separated. In general the canines of the Australopithecinae are of the same 
general appearance as those of Sinanthropus. 

The upper anterior premolar possesses three distinct roots, as the big 
apes do, a condition still sometimes found in Modern man. In the Australo- 
pithecinae this tooth always has two roots only (ROBINSON 1950, p. 128). 

The incisors are small, the lateral as well as the medial ones. One gets 
the impression, that in the Australopithecinae both incisors are reduced 
in the same degree, while in Homo sapiens it is the lateral incisor 
which has a tendency to disappear. 

In connection with the remarkable reduction of the snout, which surely 
is caused by a genetical disposition, the row of incisors is shortened in the 
Australopithecinae in a very characteristic way (LE Gros CLARK 1952, 
fig. 3). In Homo sapiens generally and in Sinanthropus and Pithe- 
canthropus the incisivi are placed much further forward. 

The strong reduction of the snout, which has not only influenced the 
incisivi and the canini but the anterior premolar as well, is clearly demon- 
strated in the diagram fig. 4. But while the front part is reduced, the third 
molar is enlarged, as far as I can see a unique condition among higher 
primates. 

BENNEJEANT (1936, p. 57) has drawn attention to the fact, that in 
modern Man, as well as in Parapithecus and Propliopithecus the 
mesiodistal diameter of the three molars in the lower jaw is about equal to 
the length of the premolars, canine and incisivi combined. If the length 
of the molar row is larger than the rest, we will call it here a positive 
molar row; in the reverse case we are dealing with a negative row. 
According to BrENNEJEANT the living anthropoids show a very high 
(negative) value: orang 30, gorilla 21, chimpanzee 21. Among the human 
jaws Sinanthropus is negative and also Pithecanthropus modjo- 
kertensis; as in the last case we have only a reconstruction, no exact 
measurement can be given. Using the average measurements given by 
Biack, modern man shows a slightly positive value of 1.4 mm; the 
measurements for Javanese, given by MiysBERG (1932) an average negative 
value of 0.2 mm for the male as well as for the female Javanese. 

The Australopithecinae have a maximum positive value, going in the 
reduction of the forepart of the dentition even further than modern Man, 
not only, as we have seen already, absolutely, but also relatively in 
relation to the size of the molar row. 
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Fig. 4. Mesiodistal diameter of crowns of upper teeth of Paranthropus crassi- 
dens, gorilla, Sinanthropus and modern Man. — Average values. 


The great length of the molar row in the Australopithecinae is caused 
by the unreduced third molar, being the largest of the series, which is also 
generally the case among the big apes. Of the fossil Hominidae only 
Pithecanthropus modjokertensis shows this condition: in Sinan- 
thropus, Heidelberg, Neanderthal and modern Man this molar shows 
signs of reduction. In modern Man this tooth is often retained in the jaw. 

A feature, which is regarded by Broom and ROBINSON as a typical 
human characteristic is the presence of : 


a “‘tuberculum sextum”’ in the 
first lower molar of the Australopithecinae (1952, p, 69). This tubereulum 


is present in Australopithecus africanus, in one of the specimen of 
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TABLE 4 
Positive and negative molar row in the Hominidae 


(M) (P+C+J) difference: 
Sinenthropue G.. .....-+.-..-. 37.7 4 38.9 See 1.2 
eT ey ee ne er ene 36.5 34.7 +1.8 
Homo sapiens*).......... 32.6 31.2 . +14 
Homo sapiens”). ......... 33.3 33.5 — 0.2 
Flesianthriopus*)......... 42.8 38.0 + 4.8 
Paranthropus crassidens..... 48.4 4) 41.3 *) + 7.1 
Paranthropus crassidens..... 48.4 4) 39.5 *) + 8.9 


1) Averages after Brack. 

*) Averages for male Javanese, after Musperc 1932. 
*) After drawing Broom & Rogisson 1950, p. 34. 
*) Averages after Broom & Rogrsson, 1952. 

5) Dito; averages for P and C; maxima for J. 

*) Dito; averages for P and C; minima for J. 


Plesianthropus transvaalensis from Kromdraai, and is said to 
“occur normally” in Paranthropus crassidens. “According to 
Grecory and Heriman (1926) it does not occur in any of the living or 
fossil anthropoids — with the possible exception of Dryopithecus 
chinjiensis —, and while it does occur in modern man it is not common, 
nor does it seem to have any definite racial distribution”’. 

This statement is surely based on too small evidence. I have observed a 
tuberculum sextum in the Chimpanzee (also vide SeLenxa 1898, fig. 1173), 
while in the orang it is not rare. It is the same as the “tuberculum access. 
post. intern.” — hinterer innerer Nebenhdécker — of SeLenxa (1898, 
p- 69), which is said to occur in the first molar of orang in 6 % of the 
females and in 18 %, of the males. About the sub-fossil orang of Sumatra 
Hoover (1948, p. 253) makes mention of: “A sixth cusp may develop 
on the posterior marginal ridge, between the endoconid and the hypo- 
conulid .... It is shown in 17 out of the 88 first lower cave molars that are 
either unworn or too much worn to show accessory cusps, if any.” 

A fine specimen is figured by him on pl. VILI, fig. 3. It is interesting to 
note, that the percentage in which this cusp occurs is practically the same 
for the living and for the subfossil orang. As for the gorilla, I had not the 
chance to make observations, but Benneseant (1936, p. 130) clearly 
states: “La présence d'un tuberculum sextum sur la premiére mono- 
physaire n'est pas spécifique d’une espéce”’. 

Whether or not this tuberculum is present in the first molars of 
Meganthropus or Pithecanthropus cannot be decided, as the 
known molars are too much worn. 

The anterior lower premolar (P;) being the antagonist of the upper 
canine, is in the anthropoids always larger than its posterior companion 
(P;). The same seems to be true for Pithecanthropus modjoker- 

2 Series B 
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tensis (reconstruction), for Sinanthropus and Heidelberg Man. In 
Modern Man both teeth are of about equal size. According to the average 
measurements given by Buack the anterior tooth is larger (+ 0.1), 
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Fig. 5. Mesiodistal diameter of crowns of lower teeth of Paranthropus crassi- 
dens (nr. 53), Sinanthropus (mandible G), gorilla and Homo sapiens (averages). 


according to DE JONGE the posterior one (— 0.3). In a list computed by 
PEDERSEN (1949, p. 123), the variation for a number of human races 
ranges between + 0.3 and — 0.3 (+ 0.3 (1); — 0.1 (5); — 0.2 (3); — 0.3 (1)). 
For the Australopithecinae the average for Paranthropus crassidens 
is — 1.3, Still larger values can be found (according to EHGARTNER 1950) 
for Paranthropus (— 2.6). These shortened first premolars seem to be 
typical for the Australopithecinae, and the values observed are far below 
those to be found in Man. 

In the reduction of the mesiodistal diameter of the anterior lower 
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premolar the Australopithecinae are much further advanced than Homo 
sapiens, and show very different conditions from the Pithecanthropii. 


TABLE 5 
Predominance of lower premolars 


- Mesiodistal length 


Pe / PT difference : 

Sinanthrepus (je. 2). 2) eS . 9.1 8.5 + 0.6 
SO ee ee 8.1 7.5 + 0.6 
Homo sapiens: 

Canadian Eskimo’s......... | 6.9 6.6 40.3 

East Greenland Eskimo’s. .... . 7.1 (fa) 0 

Lew Sa 2 ear eee fp | if ye — 0.1 

American Whites... . . - ss = 6.9 ) dob — 0.2 

Peeos Pueblo Indians. ....... | Tok 7.4 — 0.3 

| | 

Australopithecinae : 

Paranthropus crassidens..... 9.7 11.0 — 1.3 


Homo sapiens after PEDERSEN 1949. 


In the first group the anterior premolar is smaller, in the last, larger than 
the posterior premolar. 


Among the Austalopithecinae two types of lower canines have been 
observed. The canine of Paranthropus crassidens is essentially like 
the one in Man (Broom and Roprinson 1952, fig. 41), not pointed and 
with a low crown. Also Sinanthropus (WEIDENREICH 1943, fig. 274) and 
Meganthropus (vy. KoENIGSWALD 1948, fig. 5) possess the same type of 
canine. 

Different is the corresponding tooth of Plesianthropus trans- 
vaalensis, from which a fine unworn specimen has been described by 
Broom (1946, figs. 51-54); the canine has been discussed in detail by 
Grecory and HELLMAN (1939), WEIDENREICH (1943) and von KoOENIGsS- 
WALD (1948). The tooth is 16 mm high, and the tip has been shifted 
towards the mesial side. As WEIDENREICH remarks, this “‘lower canine 
comes very close to the orang-utan tooth. The differences, apart from 
size, are the development of a more incisor-like edge on the medial moiety 
of the distal moiety”’ (1943, p. 267). Similar canines also are developed 
among certain specialised Cercopithecinae, where they are adapted to 
highcrowned incisors. 

“These observations indicate that the evolutionary tendencies expressed 
in the lower canine of Plesianthropus are different from those of the 
early hominids, and that Man never passed through the specialized stage 
which seems to be typical for the South African form” (v. KonNIGSWALD 
1948, p. 163). 

Of all teeth known this canine closely resembles a tooth, we have 
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obtained from a chinese drug-store in Hongkong, and of which I have 
sent a cast (together with casts of other canines) to Dr Broom for com- 
parison. These are the teeth Broom made mention of (1946, p. 66); he too 


Fig. 6. Lower canines of Plesianthropus transvaalensis (upper row) and 
Paranthropus crassidens (below). — After WEIDENREICH 1943 and Broom & 
Ropinson 1952 


was struck by the similarity and had no objection to refer them to an 
asiatic member of the Australopithecinae. In regard to the canine men- 
tioned I was hesitant (cf. Pongo, v. KoENIGswaLp 1948, fig. 3), but a 
study of some molars from China, which differ from orang and show 
affinitities to the Australopithecinae — especially to Paranthropus 
crassidens — has convinced me, that Dr Broom’s impression is justi- 
fied, and that the canine in question must belong to the same species. 
These teeth will be the subject of a special paper. 

While the canine of Plesianthropus in certain aspects resembles the 
same tooth of orang, the same can be said of the lower incisors, of which 
Broom has figured two unworn specimen. The medial incisor with a 
multitude of conulets and the lateral incisor with a low posterior cusp 
(Broom and Ropinson 1950, fig. 15) are not so different from the cor- 
responding teeth in orang (SELENKA 1898, fig. 83) but which have more 
wrinkles and a strongly developed cingulum. 

As the upper, the lower incisors of the Australopithecinae are of small 
size, not only absolutely — therefore their resemblance with those of 
Man —, but much more relatively in comparison with the big molars. 
Using the robustness of the crown (length x breadth), and the ratio between 
the medial incisor and the first molar, we arrive — mainly after WEIDEN- 
REICH, 1943, p. 264 at the indices of table 6. 


Although the indices for the Australopithecinae cannot be regarded 
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as definitive — the incisors are generally not well preserved —, they do not 
fail to demonstrate the overspecialisation of their dentition. 


TABLE 6 
Index of robustness of the crowns of the medial incisors in proportion to the first 

molars: 

Upper : Lower: 

CHIOMANFOGMee so AM ty ie hac ew tenes BS GRO 101.9 81.0 
DESTINO Po fe om ent SUS eid ate ea ne a ge Se 63.3 54.5 
WROPIE AIRMEN ee Ode cm Bh, = seee TA os oO, cs) Se pi Yn, Ute 52.2 26.6 
PVUMLUAUEC COTES Tees eee. Chews c, oe hk Oe alt 54.7 29.4 
HGMOGse Plena LDDACK) qs 56s Re ge a 50.0 28.1 
PoP ESE Lh PPO Pe. owe ee ests! a ts at 41.5 22.4 
PAran bee pun Crass ene oe re. woe las, wl G 41.9 14.7 
Paranbiecopus, PODUSEUS. Foo. ls he ee 45.6 TG 


The robustness of the heavy mandibles of Paranthropus crassidens 
and Par. robustus is reflected in the clumsy jaw of Meganthropus. 
But while the latter, in spite of its primitive character, already shows the 
beginning of a spina mentalis, which is typical for all Hominids — well 
preserved in Sinanthropus and Heidelberg Man —-, none of the 
Australopithecinae mandibles possesses such a spine, which is always absent 
in the anthropoids. 

The section through the symphysis of the mandible is very charac- 
teristic, as demonstrated in fig. 6. 

The great apes show a backward projection, a “‘simian shelf’? which is 
neither developed in the Hominidae nor in the Australopithecinae, 
although WEIDENREICH states: “...Sivapithecus himalayensis ex- 
hibits the anthropoid pattern. The same is true of Paranthropus 
robustus, although in this case the basal beak is not so pronounced as in 
the recent anthropoids” (1945 p. 51). In our fig. 7 these conditions are 
demonstrated. 

In Plesianthropus the symphysis is very clumsy, and the fossa 
genioglossi is not indicated (fig. 1). In Paranthropus crassidens 
(fig. 2; after Broom and Roprnson 1952, fig. 17) this fossa is very pro- 
nounced, more than in Paranthropus crassidens. In all our Javanese 
hominids the fossa genioglossi is practically completely filled up. 

The symphysis of the Australopithecinae differs significantly from the 
conditions observed in the Early Hominids as well as those found in the 
large anthropoids. The deep fossa genioglossi in the Paranthropus 
mandible, however, is surely not a human characteristic, in spite of the 
absence of a simian shelf. 

From the very beginning the deciduous dentition of the Australopithe- 
cinae has drawn special attention (ABEL, Broom, Dart, REMANE, LE GROS 
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CLARK, WEIDENREICH). Here the hominid affinities came out most clearly, 
especially in the first milk molar teeth. 


Fig. 7. Sections through the symphysis of the mandible. 1/ Plesianthropus trans- 
vaalensis 2/ Paranthropus crassidens, a) gorilla, b) orang, A) Megan- 
thropus palaeojavanicus; B) Pithecanthropus dubius; C) Pithecan- 
thropus modjikertensis. — Actual size. (Partly after WrtpENnrercu). 


~ 
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The first upper deciduous molar of Man is usually a triangular tooth, 
with a large paracone and an incipient metacone; a hypocone is sometimes 
indicated. This tooth is not essentially different from the corresponding 
tooth in the big apes (vide Broom and Roprinson 1950, fig. 16). In the 
Australopithecinae this tooth exhibits a tendency towards molarisation. 
In Australopithecus africanus the metacone is of about the same 
size as the paracone, though both cusps are not completely divided; a 
small hypocone was probably present. In Plesianthropus this tooth is 
completely molariform, even with a parastyle. 

In Man such tendencies are rarely found. In one case (among more than 
150) I observed a large metacone, separated from the paracone, a tooth 
resembling africanus. In the big apes I found this condition in one 
fossil orang tooth from Southern China, so that the trend towards molar- 
isations is not confined to Man and the Australopithecinae but I observed 
no case, where the first milkmolar was so completely molarized as in 
Plesianthropus, except in the Cercopithecinae. 

What can be said about the upper is even more true for the first lower 
deciduous molar. This tooth in Man has always an inner cusp (metaconid) 
and practically always an entoconid (fig. 9; 3). In the big apes this tooth is 
dominated by a large protoconid; a metaconid is sometimes present 
(chimpanzee; orang (fig. 9, A, B); an incipient entoconid might occur in 
the chimpanzee. 

The first lower milk molar is known in all Australopithecinae except 
Australopithecus prometheus. It is different in all “species”, 
simplest in Plesianthropus and Australopithecus africanus, and 
reaches an astonishing degree of molarisation in Paranthropus 
robustus (fig. 9, d), where this tooth, except for its smaller size, cannot 
be distinguished from the second milk molar. 


Fig. 8. Molarisation of the deciduous molars in some Australopithecinae. 

1) Plesianthropus transvaalensis. 2) Australopithecus africanus. 

3) Paranthropus crassidens. After casts and photographs. About twice actual 
size. 


It must, however, be said that in modern Man the conditions are far 
from uniform. The entoconid was found to be absent in two cases (out of 
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about 200), a condition, which is not only typical of the anthropoids but 
also of Sinanthropus. In several cases the tooth was quite molariform, 
with closed fovea anterior, but the outer wall was always maintained. 

Of the Pithecanthropi no first upper milk molar is known, and the 
lower one, besides of Sinanthropus, only from a single, rather worn 
specimen of Pithecanthropus modjokertensis (fig. 9, 1). This tooth 
differs considerably from that of Modern Man by the sharp distinction 
between trigonid and talonid — which holds also in all Australopithecinae. 
Protoconid and metaconid are set obliquely, and there is practically no 
entoconid. Intermediate between Pithecanthropus and Modern Man 
is Sinanthropus, where the outer wall is nearly formed, but there is, 
as has already been remarked, no entoconid, a condition found among the 
Australopithecinae only (perhaps) in Plesianthropus, while this is nor- 
mal for-the big apes. 


Fig. 9. Scheme for the first right deciduous molar. 1) Pithecanthropus modjo- 

kertensis 2) Sinanthropus 3) Homo sapiens. a) Plesianthropus trans- 

vaalensis, b) Australopithecus africanus, c) Paranthropus crassidens, 

d) Paranthropus -robustus. A) chimpanzee (REMANE), B) fossil orang, Java, 
C) gorilla. — About 3/2 actual size. 


A tuberculum molare, a primitive feature, is developed in Pithe- 
canthropus, Sinanthropus, and also in Modern Man; it is present in 
Australopithecus africanus, but clearly absent in both species of 
Paranthropus. 

(to be continued ) 


PHYSICAL CHEMISTRY 


POSSIBLE INFLUENCE OF THE ELECTRONIC STRUCTURE OF 
A METAL ON THE RATE OF AN ELECTROCHEMICAL REACTION 
TAKING PLACE AT ITS SURFACE 4), III 


BY 


M. J. BRABERS anp W. G. BURGERS 
(Laboratory for Physical Chemistry, Technical University, Delft, Holland) 


(Communicated at the meeting of September 26, 1953) 


In parts I and II polarization curves were determined at low current 
densities for the redox-reaction Fe+t++ + e~ +Fet+ in aqueous solution 
using as electrodes alloys of silver-cadmium and palladium-gold. In the 
former series (Hume-Rothery alloys) the inner Brillouin zone, in the 
latter the d-electron band is gradually filled-up with electrons. In both 
series a pronounced influence on the ,,overvoltage” required for a given 
current-density (reaction-rate) was established. 

In this paper we have used bismuth as electrode-material, as it is 
known from resistivity measurements that its electron-structure is very 
sensitive for small additions of tetravalent and hexavalent elements. It 
was therefore of interest, in connection with the results obtained in the 
two former papers, to investigate whether such additions also influenced 
the overvoltage for a redox-reaction. 


THompson (1936) and Focke and Hitt (1936) measured the resistivity 
of single crystals of bismuth containing small amounts of lead, tin, 
germanium, selenium and tellurium. The first three elements, lead, tin 
and germanium, caused a sharp increase in the resistivity, whereas the 
last two, selenium and tellurium, reduced the resistivity. The effect was 
found to be very sensitive for these “impurities”: already 0.1—0.2 at. 
°% Sn and 0.2-0.3 at. % Pb caused an increase in the specific resistance 
at room temperature several times the value for pure bismuth. The 
opposite effect caused by tellurium and selenium was less marked, bismuth 
alloyed with approximately 1 at. °% Se reducing the resistivity to about 
2/, of the value for pure bismuth. 

A possible explanation of these results is suggested by the authors 
on the basis of Jones’ (1934) electron-zone theory for bismuth. According 
to this theory the number of free electrons within the inner Brillouin 
zone in the bismuth lattice is very nearly equal to five per atom. Since 
the number of valence electrons of pure bismuth is five, there is only a 


1) Parts I and II have been published in: Proc. Kon. Ned. Akad. v. Wet., 
Amsterdam, Series B, 56, 1, 12 (1953). 
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small fraction of the electrons in the overlapping outer zone. With the 
addition of foreign elements having a valence of four, such as lead, tin 
and germanium, the number of electrons in the outer zone decreases, 
but it increases with the addition of elements having a valence of six, 
such as tellurium and selenium. 

The results of the resistivity measurements suggested the possibility 
that introduction of the same elements in bismuth might have an analogous 
influence on the rate of an electrochemical redox-reaction (as measured 
by the overvoltage for a given current-density) taking place at the surfaces 
of bismuth-electrodes. 


EHxpervmental 

To test this suggestion alloys were prepared from “‘pure’’ bismuth 
(Merck, Darmstadt; containing 0.01-0.02 at. % Pb) with chemically 
pure tin (Johnson and Mathey, London), lead (Merck, Darmstadt) 
and selenium (Lamers and Indemans, ’s-Hertogenbosch) by melting 
together weighed quantities in pyrex tubes. The tubes had a flat end to 
obtain plate-like solidified melts. The air in the tubes was first replaced 
by hydrogen, the tubes were then evacuated and sealed off. In order to 
homogenize the melts, they were shaken at a temperature of about 
50 degrees above the melting point. Then the tubes were cooled and the 
alloys, while still in the sealed tubes, annealed at about 150° C during 
a week. Alloys were prepared with 0.81 at. % Pb, 0.56 at. 9% Sn, and 
0.56 at. % Se. (In all these alloys the solubility limits are exceeded). 

With the electrodes obtained in this way, the overvoltage at a low 
current-density (0.067 mA/cm?) was measured in an equimolar solution 
(0.05 + 0.05 mol/L) of K,Fe(CN),/K,Fe(CN),. Before placing the electrodes 
in the solution the electrode-surfaces were cleaned by etching in aqua 
regia. The measurement was carried out in a direct way with an interrupted 
current (currentless period: about 1 sec.). The potential-fall at the surface 
of the electrode (reference electrode: calomel-electrode) was amplified 
and supplied to the vertical plates of a cathode-ray oscillograph. The 
picture was photographically recorded. In this way figures 1-4 were 
obtained, in which the scale division is in 0.1 volts. 

It is seen that the “overvoltage” at the surface of pure bismuth has 
a value between that found for bismuth containing lead or tin on the one 
side and bismuth containing selenium on the other side. Thus, the rate 
of the reaction depends to a high degree on the composition of the metal. 
Moreover, there is a close analogy to the opposite influence of these 
two groups of elements on the electrical resistivity of bismuth. 

As in the case of the resistivity it is attractive to give an explanation 
of the phenomenon in terms of Jones’ theory of the electronic structure 
of bismuth. Assuming that the rate determining step of the electrochemical 
reaction at the cathode surface is the giving-off of an electron, we might 
consider the difference in the numbers of overlapping electrons responsible 


M. 


4 


BRABERS anp W. G. BURGERS: Possible influence of the 


electronic structure of a metal on the rate of an electrochemical reaction 


taking place at its surface. II] 


Ne thin Ay tee 


- OQ. 


Bi - 


hy Mil 


O50 eu. 


Wa/l(n \ 


4- Bi 


Fig. 


Pb: 


Oo 


Oo 


0.81 at. 


Bi 


Se WAY DANO 


PAQRTINN 


ies ie eae 2 Gp ees 


Wa 


al orerate 


: 441 


for the difference in overvoltage. However, we should bear in mind, 
as already brought forward in the discussion of the results with the Ag-Cd 
and Pd-Au alloys, that several other factors might exert an influence 
on the capacity of an electrode for giving-off electrons, for example its 
surface-condition. Therefore we do not intend more than to point at 
the dependence of the overvoltage on the composition of the electrode- 
metal and the analogy with the behaviour of the electrical resistance of 
bismuth alloys. 


This work is part of the research programme of the Researchgroup 
“Metals F.O.M.-T.N.O.” of the “Stichting voor Fundamenteel Onderzoek 
der Materie”’ (Foundation for Fundamental Research of Matter - F.O.M.) 
and was also made possible by financial support from the “Nederlandse 
Organisatie voor Zuiver-Wetenschappelyk Onderzoek”’ (Netherlands 
Organization for Pure Research -Z.W.O.). 


Summary 

The overvoltage for the redox-reaction Fe(CN),-—— + e~ >Fe(CN),-—— 
at bismuth-electrodes varies markedly on addition of small quantities 
of lead, tin and selenium. The observed changes show a marked analogy 
to the changes in electrical resistivity caused by the same elements. 


Delft, July 1953 
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CHEMISTRY 


BINDING OF THE OPPOSITELY CHARGED SALT IONS TO THE 
SOAP IONS IN THE FORMATION OF ELASTIC SYSTEMS AND IN 
COACERVATES. III 


(EXPERIMENTS WITH CETYLTRIMETHYLAMMONIUM BROMIDE) 
BY 


H. G. BUNGENBERG DE JONG anp A. RECOURT 


(Communicated at the meeting of June 27, 1953) 


11. Binding of CNS to the soap as a function of the equilibrium con- 
centration of KCNS. The character of the dynamic-elastic systems 


A striking feature of the figures 5, 6, 7 and 8 is that the straight lines 
representing the two elastic limits have nearly the same slope, whereas 
the equilibrium concentrations (the parts cut off from the ordinate-axis) 
are markedly different. 

This means that nearly the same binding of CNS to the soap is present 
at different values of the equilibrium concentration. 

This evokes the question how the binding of CNS~ is related to the 
equilibrium concentration. 

This binding (the values 100.a@/22 in Table V and 100.a/23.2 in Table VI) 
has been plotted against the equilibrium concentration (values } in the 
same Tables) in figures 9 and 10. 

In each graph we have only four or five experimental points, but as 
two or three of them lie very close together (the points representing the 
coacervate volumes adapted to the soap concentrations), the number of 
points for the construction of the graphs is in practice reduced to only 
three (one of which is the mean of the position of the foregoing two or 
three points). 

The intersection point of the coordinate-axes of the graph can also 
be used, for there the adsorption isotherm must have its origin (at 6 = 0, 
the adsorption must be zero too) }). 

Now the problem arises how the experimental points and the origin 
must be interconnected. The fact, that the points representing the two 


15) To represent an adsorption equilibrium it is in general indicated to use a 
double logarithmic scale. This would, however, imply that the origin cannot be 
used in the figure (ordinate and abscissa both —oo). In our case we have only so 
few experimental points that we cannot miss this point. For this reason the ordinary 
way of plotting has been used in figure 9. 


_ 
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elastic limits lie nearly on the same horizontal level, can be interpreted 
in two ways, namely 


1. by assuming that all points lie on one adsorption-isotherm, or 
2. by assuming that two adsorption isotherms must be drawn. 


10 20 10 20 10 


A B C. 


Fig. 9. Dependence of CNS bound to the soap on the equilibrium concentration. 

First interpretation: the experimental points are connected with the origin by 

one adsorption isotherm only. A purified Cetavlon at 40°; B and C original Cetavlon 
preparation at 40° and 30° respectively. 


ad 1. One adsorption isotherm: The curve through the experimental 
points in the three graphs of figure 9 has been drawn according to this 
assumption. This results in a very uncommon shape of the adsorption 
isotherm. It suggests that the binding of CNS to the soap occurs in two 
steps. In a small range of low KCNS concentrations the binding of CNS- 
up to about 45 % (41-49 %) of the maximal value is effected. This range 
is followed by a tract of KCNS concentrations in which no further binding 
occurs. At the limit dynamic-elastic/static-elastic the second step begins, 
and with increase of the KCNS concentration the binding increases up 
to a value of 70 % (original Cetavlon preparation) or 80 % (purified 
Cetavlon) at the coacervation limit. 

It remains to be explained why the adsorption occurs in two steps 
and why soap systems represented by points on the horizontal level of 
the adsorption isotherm show elasticity directly after shaking which 
disappears completely at rest. 


ad 2. Two adsorption isotherms: The second possiblity to explain that 
the two points representing the two elastic limits lie on the same 
horizontal level, starts from the assumption that shear 1°) intensifies the 
adsorption of CNS to the soap. 

The same degree of binding of CNS anions as is needed at rest to 


16) A shear which in different points of the system has different directions and 
intensities is produced by shaking. 
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obtain the so called static-elastic systems, is obtained at a lower equilibrium 
concentration during and immediately after shaking. At rest the adsorption 
soon returns to its original value and the soap systems cease to show 
any elasticity. 

According to this view the adsorption isotherm at rest (compare the 
three graphs in figure 10) goes from the origin via the point representing 
the limit dynamic-elastic/static-elastic to the group of points representing 
the two or three coacervated states. 

At shear however, it proceeds to the point representing the limit non- 
elastic/dynamic-elastic. Therefore in the three graphs in figure 10 two 
adsorption isotherms have been drawn. 


100a/22 
- 1008/ 23,2 Bs 1008/22 iz x 
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Fig. 10. Dependence of CNS bound to the soap on the equilibrium concentration. 

Second interpretation: one single adsorption isotherm exists which is shifted by 

shear. A purified Cetavlon; C and B original Cetavlon preparation at 40° and 30° 
respectively. 


It must be stressed that according to the above, there is strictly speaking 
no place for the systems we have hitherto designed by the term dynamic- 
elastic systems. The region II in the figures 7, 8 and 9 is only a downward 
expansion of the region III due to shear, resulting from a shift of the 
upper dotted line downward, till it takes the position of the lower dotted 
line. At rest the dotted line returns to its former position. 

Therefore in the graphs of figure 10 are given three kinds of systems 
only: non-elastic systems denoted by N.E.S., elastic-systems denoted by 
E.S. and coacervated systems denoted by C.S. 

The boundaries between these systems are no longer defined by 8, 
the values of the equilibrium concentrations, but by two characteristic 
degrees of occupation of the soap with CNS~ ions. These are expressed 
in per cents of the calculated maximal occupation (in which each soap 
ion has bound one CNS~ ion). At applying shear to the system, the 
adsorption isotherm shifts to a position indicated by the adsorption 
isotherm on the left of the original one. The systems now enters the 
region of the elastic systems at a smaller value of b. 
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The reverse comes true when the systems after applying shear are left 
at rest. 

The assumption that shear intensifies the adsorption of CNS~ ions 
appears rather strange. This will be discussed in section 12, where a 
tentative explanation will be given. Many more remarkable effects of 
shear in soap systems containing salt are known, all of which are reversible 
(see for a review of these effects the part in small print at the end of this 
section). 

One of these effects becomes less strange, if we accept that the 
adsorption of the salt anions increases by the application of shear. The 
effect in question is the occurrence of a turbidity when an elastic system 
is rotated vigorously. This turbidity disappears within a short time after 
the system has been left at rest. 

The graphs in figure 10 show that the adsorption isotherm when 
lengthened will cut the level which is characteristic of coacervation. 
This intersection point corresponds to an equilibrium concentration which 
is lower than the one for coacervation at rest. This means that by shaking 
vigorously, coacervation will occur in systems which at rest have the 
characteristics of static-elastic systems. Because of the intense shear the 
coacervate can consists only of very small droplets which cause turbidity. 

The adsorption isotherm returns to its original position after leaving 
the systems at rest. Coacervation is no longer possible and the turbidity 
disappears. 

Summarizing the foregoing discussion, we may say that there are two 
ways in which it can be explained that the amount of CNS~ bound to 
the soap is equal at the two elastic limits. 

The first explanation considers the adsorption as a two step process, 
the adsorption isotherm having a very uncommon shape. 

The second assumes a simple adsorption isotherm as a consequence 
of the supposition that shear intensifies the adsorption. For the time 
being it is not yet possible to ascertain which of the two explanations 
given is the right one, though we are inclined to attach more value 
to the latter. 


The following effects of shear are known in soap systems containing salts: 


1. At very low rates of shear elastic-viscous oleate systems and stearate 
systems behave as Newtonian liquids. At increasing the rate of shear the original 
high viscosity decreases in two steps to very low values 7), This process is reversible ; 
within a very short time the systems regain the original values for viscosity and 
elasticity. The shear modulus and the damping also return quantitatively to the 
original values. 


17) H. G. BUNGENBERG DE Jona, and H. J. VAN DEN Bere, these Proceedings, 
52, 363 (1949); H. G. BuncenBera DE Jone, H. J. vAN DEN Bere and L. J. pe HEER, 
these Proceedings, 52, 377 (1949); H. J. vAN DEN Bere and L. J. DE Heer, these 
Proceedings, 52, 457 (1949). 
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2. A marked turbidity is shown by elastic-viscous oleate systems when subjected 
to high rates of shear. This turbidity disappears when the system is left at rest '*). 

3. Coacervated systems in which the coacervation limit is only just crossed 
take the character of elastic-viscous systems when they are shaken vigorously. 
On leaving the system at rest, the elasticity disappears and coacervation sets in 
anew 19), In coacervates with higher salt concentrations, this effect is not seen, 

4. ‘Metastable elastic systems” (of the kind which have been called here 
dynamic-elastic systems) were observed once in studying the influence of alcohols 
on static-elastic oleate systems (studies with butyl-alcohol). They were situated 
in between the regions of static-elasticity and coacervation. The position of these 
systems differs from the one studied in this investigation. 


12. Contribution of the present investigation to the theory of the formation 
of elastic systems and of coacervates of soap solutions with salts 


H. L. Boos has given in 1949 a hypothesis concerning the formation 
of elastic systems and of the coacervation of dilute soap solutions with 
increasing salt concentration °). 

The central point in this theory is the change in shape of the micelles 
and the change in number of soap ions taking part in the formation of 
these micelles. 

It was shown by argument that as a consequence of the discharging 
effect of the salt — resulting in the formation of local spots of undissociated 
soap molecules on the micellar surface — the following changes take place, 
in the order given below, at increasing salt concentration: 


1. The spherical micelles present in the dilute soap solutions (Hartley 
micelles) are transformed into small sandwhich micelles. 

2. These small sandwich micelles grow out to large sandwich micelles 
at the cost of their number present in the soap system. 

3. The large sandwich micelles adhere locally by means of the un- 
dissociated spots. This results in the formation of a three dimensional 
network, conferring elastic properties to the systems. 

4. As a result of the growing number of contact points, the structure 
retracts from the bathing medium (watery salt solution), which finds 
expression in. coacervation. 


This hypothesis explains many facts, e.g. sub 4 that at increasing salt 
concentration, coacervation starts with a volume of 100%, which 
decreases at further increase of the salt concentration 21), 

The assumption that sandwich micelles are present in elastic-viscous 


8) H. G. BUNGENBERG DE JoNG and H. J. VAN DEN Bera, these Proceedings, 
51, 1197 (1948). 

19) H. G. BUNGENBERG DE Jona, W. A. Lorven and H. J. VERHAGEN, these 
Proceedings, 53, 975 (1950). 

») H. L, Boor, in H. R. Kruyt, Colloid Science, Vol. II, Chapter XIV, § 5, 
(Elsevier Publ. Comp., Amsterdam, 1949), 

21) Except at very low oleate concentrations. See: H. L. Boor, J. C. Lyoknama, 
and C. J. VOGELSANG, these Proceedings, 52, 1006 (1949). 
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soap systems and in soap coacervates (sub 3 and 4) was a usefull guide 
in the investigation of the influence of organic substances on these soap 
systems 72), 

The following observation appears to be in contradiction to the points 3 
and 4: from halfway the region of the elastic systems up to the coacervation 
limit, the elastic phenomena become less pronounced and disappear at last. 

From earlier researches into the elastic properties (shear modulus and 
damping) of elastic-viscous oleate systems done in this laboratory 2%) it 
is known, that in the tract of increasing KCl concentrations: 


a. the shear modulus increases which indicates a growing number of 
contact points in the structure (conform point 4 of the above theory), and 


b. the damping increases continuously (no turning points can be observed 
just before the coacervation limit). This suggests that the elasticity 
disappears. 


Hence, the above mentioned contradiction is only apparent. 

Recent work in this laboratory on streaming birefringence of oleate 
systems with salts by H. J. vAN DEN Bure has confirmed the presence 
of sandwich micelles in the regions of non-elasticity, static-elasticity 
and coacervation 2*). 

In dilute soap solutions without salt, no streaming birefringence could 
be observed. This supports point one of the above hypothesis. 

The experiments described in this investigation prove for the first 
time that a binding of gegen-ions to soap ions in the sence of the hypothesis 
of Boots really exists. It provides an idea about the fraction of the soap 
which is already undissociated at the first appearance of elasticity (about 
45 %) and the coacervation limit (about 80 % for the purified Cetavlon). 

For a further development of the theory of Boots, these quantitative 
data are of importance. 

It seems, that in a more elaborate theory of elastic systems and 
coacervates of soaps not only the number of contact points should be 
considered but also their lifetime. The elastic systems as well as the 
coacervated systems must be considered to possess a three dimensional 
network. The number of contact points in the elastic systems is smaller 
than in the coacervates but their mean lifetime is much shorter in the latter. 

The difference in lifetime comes to expression in the fact that elastic 
systems give the impression to be solids (as a consequence of the long 
lifetime of the contact points), whereas the coacervates appear to be 
fluids because of the short lifetime of the contact points. This seems to 
be the reason that no elastic properties are exhibited by coacervates. 


22) Compare: H. L. Boor, et al., these Proceedings, 53, 59, 407 (1950). 

23) H.G. BUNGENBERG DE JonG, H. J. vAN DEN BerG and D, VREUGDENHIL, 
these Proceedings, 52, 465 (1949). 

24) H. J. VAN DEN Bera, Thesis Leiden (1953). 
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13. Note on the assumption made in section 11, that shear enhances the 
fixation of CNS to the soap 

Tn section 11 it was pointed out that the above assumption simplifies considerably 
the interpretation of the experimental fact that the binding of CNS~ to the soap 
is equal at the two elastic limits. The assumption seems very strange at first sight, 
but is not so strange after all, if we accept a certain degree of deformability of the 
micelles which are intermediate stages between spHerical micelles (which are very 
loosely build structures) and sandwich micelles (which are rather densely packed 
structures). In the intermediate micelles a certain degree of flattening is already 
present as a result of the fixation of anions to the soap, but they are still rather 
deformable. 

As a consequence of shear they will be elongated and at the same time flattened 
into a shape which reminds of the shape of sandwich micelles. This will give the 
opportunity of an easier fixation of CNS as a result of which true sandwich micelles 
are formed, which grow out and form an elastic structure conform the hypothesis 
of Booms. 

At subsequent rest the deformation goes back, as a result of which part of the 
CNS ions are set free, i.e. the adsorption isotherm returns to its original position. 


Summary 


1. Coacervation of a Cetavlon solution (the commercial preparation 
of cetyltrimethylammonium bromide) is not possible at 40° C with KCl, 
NaCl, KBr and KNO,. It can be obtained with NaNO, at very high 
concentration, e.g. between 3 and 4 moles/1. 

With KJ at much lower concentrations and with KCNS at still lower 
concentrations the coacervation is obtained. 

2. In the coacervation of anionic soaps, the sequence of cations 
corresponds too with the affinity sequence of these cations for the 
negatively ionized groups (which are different for carboxyl soaps and for 
sulfate soaps). 

The fact mentioned sub 1 shows, that the same applies to the anion 
sequence for the coacervation of a cationic soap. The affinity series for 
positively charged groups is CNS > J > NO,, Br > CL. 

3. It is concluded that in the coacervation of soaps in general the 
oppositely charged ion of the added salt is fixed to the soap ion. 

4, The phenomena which occur when the KCNS concentration is 
gradually increased in a solution of cetyltrimethylammonium bromide 
are in principle the same as those which occur in an oleate solution on 
addition of KCl (low viscous — high viscous and elastic + coacervation). 
The only difference is that the required salt concentration in the Cetavlon 
systems is relatively small compared to the one needed for oleate. 

5. In between the non-elastic and typically elastic-viscous systems, 
systems are found which at rest are non-elastic but after applying shear 
(shaking) become elastic and soon lose their elastic properties at rest 
again. They have been denominated dynamic-elastic systems, in contrast 
with the characteristic elastic-viscous systems which are designed as static- 
elastic systems. 
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The existence of the dynamic-elastic systems has very probably been 
overlooked in the study of the elastic-viscous oleate systems. 

6. A method has been given which enables us to investigate the 
binding of the oppositely charged ions to the soap at the limits of the 
non-elastic and dynamic-elastic systems, dynamic-elastic and_ static- 
elastic systems and at the limit of coacervation. 

The salt concentrations required to reach these boundaries are determined 
at a number of soap concentrations. 

7. From these experiments two values are derived: 

a. the fraction of the soap ions which have bound one oppositely charged 
salt ion (denoted by F) 
b. the matching equilibrium concentration (denoted by £). 

8. The method can be applied when the salt concentrations needed 
to reach the different criteria are low (KJ and KCNS). If high salt 
concentrations are required, the increase of the salt concentration at 
increasing soap concentration is of the same order of magnitude as the 
experimental error, and only # is obtained from the experiment. 

9. It has been pointed out that on applying this method to coacervates, 
the salt concentrations must be read off at different percentual coacervate 
volumes, which correspond to an equal soap concentration in the coacer- 
vates. Reading off the salt concentrations at equal coacervate volume 
(e.g. 50 % coacervate) may lead to wrong conclusions. 

10. In applying this method to the coacervation with KCNS, KJ 
and NaNO, it was shown that the values of # are markedly different 
and increase in the order CNS—J—NO,, the same sequence as has been 
found for the decrease of affinity of these anions for positively charged 
groups. 

The value of F is the same for CNS and J which indicates that a 
certain degree of occupation of the soap with salt anions is of the utmost 
importance for coacervation and not the kind of ions bound to the soap. 

11. The binding of CNS ions was studied more in detail by determining 
the binding of salt ions to the soap at the limits of non-elastic and 
dynamic-elastic systems, dynamic-elastic and static-elastic systems apart 
from the coacervation limit already studied in earlier experiments. At 
the two elastic limits, F has a value of 45 %; at the coacervation limit, 
F amounts to 70% in the case of the original Cetavlon preparation 
and 80 % in the case of Cetavlon, purified by recrystallisation. 

12. It was shown that H increases with increasing temperature 
whereas the values of / remain unchanged. This points to the fact that 
the fixation of anions by the soap is weakened by increase of the 
temperature. The degree of occupation required for reaching the above 
mentioned criteria is unaltered. 

13. From the fact that the F-values for the two elastic limits are 
almost the same, whereas there is a striking difference in the corresponding 
E-values, the question arises about the relationship between # and F. 
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Two possible explanations have been discussed, viz.: 

a. the fixation of CNS to the soap is a two step process (as would be 
indicated by the horizontal level halfway the adsorption isotherm), 
b. there is no horizontal part in the adsorption isotherm present, but 

the isotherm is shifted by shear in a direction which indicates a 

promoting effect of shear on the adsorption of anions. At rest the 

adsorption isotherm will return to its original position. 

14. A survey has been given of the hitherto known reversible effects 
of shear on soap systems containing salt. It has been discussed that 
one of the mentioned phenomena, namely the turbidity in elastic soap 
systems caused by shear, finds a possible explanation assuming the sub 13b 
stated explanation. ° 

15. The results of the present investigation support a fundamental 
point of the hypothesis given by Boots on the formation of elastic systems 
and on coacervation of soap solutions by salts. In this hypothesis the 
successive changes in the soap solution at increasing salt concentration 
(spherical micelles —- sandwich micelles — formation of a three dimensional 
network of adhering micelles — retraction of the latter structure from 
the bathing medium) are considered to be the consequence of the formation 
of a growing amount of undissociated soap molecules on the surface of 
the micelle. 

16. The enhancement of the adsorption of CNS~ to the cationic soap 
(sub 13) can in principle be derived from the hypothesis of Boots. Shear 
will deform the spherical micelles to elongated micelles, the shape of 
which will favour the fixation of CNS ions. 

17. For a further development of the hypothesis of Boots the difference 
in lifetime of the micellar contacts should be taken into account too. 
In coacervates there are more points of contact but these are relatively 
short living; in elastic soap systems there are fewer points of contact 
but these are relatively long living. 
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CHEMISTRY 


INFLUENCE OF ORGANIC COMPOUNDS ON SOAP AND 
PHOSPHATIDE COACERVATES XIXa 1) 


a. Influence of n.primary alcohols on the coacervation of cetyltrimethyl- 
ammonium bromide with KONS 


b. Influence of ethanol (salt demanding) and of n.decanol (salt sparing) 
on the binding of CNS ions to the soap cations 


BY 


H. G. BUNGENBERG DE JONG anp A. RECOURT 


(Communicated at the meeting of September 26, 1953) 


1. Introduction, materials 

In earlier parts of this series the influence of the n.primary alcohols 
on coacervates of anionic soaps ?) only has been studied. It has been 
found that coacervates of the cationic soap cetyltrimethylammonium 
bromide *) can be obtained with several salts. Among these KCNS stands 
out because of the relatively low concentrations needed for coacervation. 
This enabled us to investigate the binding of the CNS anions to the soap 
cations. The coacervation with KCNS will be used in the present paper 
to investigate the following two points: 

a. the influence of the length of the carbon chain of the n. primary 
alcohols with respect to their action on coacervation, 

6b. the influence of alcohols with opposite sign of action, on the 
binding of the CNS anion to the soap cation. 


The cationic soap used was the commercial preparation of cetyltrimethylammo- 
nium bromide, called Cetavlon, which according to the manufacturers contains 
approximately 80 % trimethyl-(long-chain alkyl) ammonium bromides calculated 
as cetyltrimethylammonium bromide. By means of a Kjeldahl nitrogen 
determination we found 80.2 %. Some of the experiments in section 3 have 
been carried out using a purified Cetavlon (recrystallisation from acetone 
containing small amounts of water). The degree of purity did not improve greatly, 
as the Kjeldahl nitrogen determination gave a content of 84.6 % cetyltrimethyl- 
ammonium bromide. All experiments have been performed at 40° C. 


1) Publication No. XVIII of this series will be found in the Proc. Kon. Ned. 
Akad. Wetensch. Amsterdam, 54, 303 (1951). 

2) Oleate coacervates: part V; H. G. BUNGENBERG DE JONG, G. G. P. SAUBERT 
and H. L. Boors, Protoplasma, 30, 1 (1938), and part X; H. L. Boow, C.J. VoGELSANG 
and J. C. Lycxiama, Proc. Kon. Ned. Akad. Wetensch. Amsterdam, 53, 59 (1950). 

Alkylsulfate coacervates : part XI; H. L. Boors and D.VREvuGDENHIL, Proc. Kon. Ned. 
Akad. Wetensch. Amsterdam, 53, 299 (1950) and part XIV; H. L. Boors and 
E. S. van Catcar, Proc. Kon. Ned. Akad. Wetensch. Amsterdam, 53, 1169 (1950). 

8) H. G. BuncenserG DE Jone and A. Recourt, Proc. Kon. Ned. Akad. 
Wetensch. Amsterdam, Series B 56, 303, 315 and 442 (1953). 
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2. Influence of n.primary alcohols on the coacervation of Cetavlon 


It is known that n.primary alcohols exert an influence on the salt 
concentration needed for coacervation in the case of carboxyl and sulfate 
soaps. In this section we will investigate whether this is applicable to 
the coacervation of Cetavlon with KCNS. A 2% stock solution of 
Cetavlon was made (20 gr Cetavlon/1). 

For the investigation of each alcohol we made two secundary stock 
solutions of 1 %, designed by Cet,,,,, and Cet,,,. 

Cetyank IS prepared by pipetting 100 ml of the 2% stock solution 
into a 200 ml measuring flask, and filling up to the mark with distilled 
water. For the preparation of Cet,,,, to a known quantity of alcohol, 
100 ml of the 2 % stock solution was added in a 200 ml measuring flask. 
After the alcohol is completely dissolved (eventually with frequent 
shaking or gentle warming) distilled water is added till the required 
volume is obtained. 

The following general scheme for the preparation of the series of 
mixtures was used: 


x ml KCNS 0.1 N + (5 — x) ml H,O + y ml Cet,,,,, + (6—y) ml Cet,,.. 


To determine the blank coacervate volume curve, we take y = 5 ml 
and increase x step by step. 

Afterwards the same is repeated for a number of y values, which are 
smaller than 5. 

In the course of the experiments, we started from a sufficiently large 
quantity of mixtures of Cet,),,, and Cet,,., each enough for the whole 
series. With a pipet, 5 ml of each mixture was added to 5 ml KCNS 


Coac vol. i 


ethanol 


n-heptarol 
A=blank 

B =86 mot 
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Figs. 1 and 2, Examples of the interpolation-graphs for reading off the KCNS 
concentration at which a coacervate volume of 50 % is obtained. A salt demanding 
action is exerted by ethanol; a salt sparing action by n.heptanol. 
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solution. The mixtures are made at 40° in testtubes closed with rubber 
stoppers. After shaking they remain in the thermostate (40°) overnight 
before measuring the coacervate volumes. These are expressed in per cents 
of the total volume of the mixtures in the testtubes. The values obtained 
in this way are plotted against the KCNS concentration. From the graphs 
the concentrations of KCNS needed to obtain 50 % coacervate volume 
are read off. 

Figures 1 and 2 represent such graphs, the one for the influence of 
ethanol (shifts the coacervate volume curve to the right), the other 
for the influence of n.heptanol (shifts the curve to the left). 

In Table I the results have been given. It will appear from this Table 
(see column 4) that there is a small variation in the blank values (from 
22.2 to 23.3 millimoles/1 KCNS). 

For this reason, in comparing the effects brought about by the different 
alcohols, the absolute values of the KCNS concentrations in column 4 
were not used, but instead of these the differences with the corresponding 
blanks. These differences provided with a + or a — sign have been given 
in the last column. 

It is seen that the length of the carbon chain has a major influence. 
To obtain an appreciable effect, a methyl alcohol concentration in the 
order of 4 mole/1 is required, whereas for n.decanol the concentration 
needed for an appreciable effect is in the order of 4 millimol/1 only. 

For representing the influence of the investigated alcohols a logarithmic 
scale for the alcohol concentration is used. This has been done in 
figure 3, which gives the differences (column 5) as a function of the 
logarithms of the alcohol concentrations (column 3). 

As is the case in oleate + KCl, some lower terms of the homologous 
series of the alcohols exert a salt demanding influence (a higher salt 
concentration is needed to obtain coacervation). 

The higher terms have a salt sparing influence (the concentration 
needed is less). The transition between these two influences lies at an 
other place in the homologous series here. For Cetavlon and KCNS we 
may characterize the influence of the n.primary alcohols by: 

10 — (9)— 8 -7 —6 —5|4—3—2-—1, in which the alcohols are 
denoted by the number of C-atoms and the vertical line separates the 
terms with salt demanding influence (at the right side of it) from the 
terms with a salt sparing influence (at the left side of it). 


3. Influence of ethanol and n.decanol on the binding of CNS~ to the 
cetyltrimethylammonium cation on the coacervation limit 

In this section a method is used which has been described in detail 

in a former communication 4). The method consists of the determination 

of the KCNS concentrations needed to reach coacervation at a number 


4) see note 3). 


"TABLE 1 


Influence of the n.primary alcohols on the coacervation of cetyltrimethylammonium 
bromide with KCNS 


eS (a a 


Alcohol 


methanol. . 


ethanol. . 


n.propanol 


n.butanol . 


n.pentanol 


n.hexanol . 


n.heptanol 


n.octanol . 


n.decanol . 


KCNS conc. at| Differences 

_Alcoholcone. log Cac a coacervate with the 
oS ete ee iC oe volume of 50 % | corresponding 
millimoles/1 in moles/1) | (millimoles/1) [blanks (mmol/1) 

blank = 6S 299, — 

125 0.10 — 1 Zod + 1.5 

374 0.57 — 1 2021 + 3.5 

623 0.79 — 1 27.4 + 5.2 

blank =O 23.2 — 

86 0.93 — 2 24.4 + 1.2 
Al 0.23 — 1 26.1 + 2.9 
343 0.54 — 1 28.9 + 5.7 
blank = 69 Pepe — 
13.4 0.13 — 2 23.4 + 0.7 
26.8 0.43 — 2 24.1 + 1.4 
53.6 0.73 — 2 25.2 + 2.5 
blank =e) pi As — 
80.3 0.90 — 2 25.4 + 3.2 

107 0.03 — 1 26.2 + 4.0 
134 0.13 — 1 26.7 + 4.5 
blank — © 23.4 “= 
10.9 0.04 — 2 24.1 + 0.7 
21.9 0.34 — 2 24.9 + 1.5 
43.7 0.64 — 2 25.7 + 2.3 
blank — © 22.3 

4.6 0.66 — 3 20.9 — 1.4 
18.6 0.27 — 2 16.7 — 5.6 
23.2 0.37 — 2 18.9 — 3.4 
blank =e 22.5 —_ 

4.0 0.60 — 2 18.4 — 4.1 

8.0 0.90 — 3 15.6 — 6.9 
20.1 0.30 — 2 15.2 — 7.3 
blank = 6 22.9 _ 
1.34 0.13 — 3 19.2 — 3.7 
2.68 0.43 — 3 16.8 — 6.1 
5.36 0.73 — 3 Eoes — 9.6 
blank — © 22.3 — 
0.81 0.91 — 4 18.8 — 3.5 
1.61 0.21 —3 16.4 — 5.9 
oe 0.51 — 3 12.2 —10.1 
blank — w 23.3 — 

0.098 0.99 — 5 22.6 — 0.7 

0.197 0.29 —4 21.5 — 18 

0.394 0.60 — 4 19.4 — 3.9 

0.98 0.99 — 4 14.5 — 8.8 


Z\KCNS 
millimoles /1 


log C 


-4 -3 -2 1 O 


alconol 


Fig. 3. Influence of the terms of the homologous series of the n.primary alcohols 
on the coacervation of Cetavlon with KCNS. Ordinates: Shifts of the KCNS 
concentration at 50 % coacervate volume in the presence of alcohols (referred to 
the blank). A + sign indicates a salt demanding action; a — sign indicates a salt 
sparing action. Abscissae: logarithms of the alcohol concentrations in moles/1. 


of soap concentrations. It appeared that at comparable coacervate volumes 
of the soap systems of different total concentrations, a linear relation 
exists of the form y = ax + b, in which y is the KCNS concentration and 
z is the soap concentration. From the y values at different values of 
x we are able to derive the two quantities a and b, which characterize 
the binding of CNS~ to the soap. In the linear relationship y = ax + b, 
the value a corresponds to the binding of CNS-anions to the soap cations. 
From the experiments it was evaluated that this amounted to a large 
fraction of the calculated maximal value, which is reached when one 
soap ion has bound one CNS ion. We thus found for the original Cetavlon 
a degree of occupation of the micelles with CNS anions of approximately 
70 % and for the purified Cetavlon of approximately 80 % of the maximal 
value. In the above mentioned communication we used already this 
method to study the influence of the temperature on the coacervation 
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of cetyltrimethylammonium bromide with KCNS. When the temperature 
is increased more KCNS is needed for coacervation, but the value a 
in the equation y = az +6 remains constant and only 6 is increased. 

This means that the degree of occupation of the soap micelles with 
CNS anions required to reach coacervation is not altered by increase 
of the temperature, but the fixation of CNS~ to the soap micelles is 
weakened. 

In a similar way we will try to investigate in the present section the 
influence of alcohols on the coacervation. We are of course particularly 
interested whether alcohols which exert a salt demanding action on the 
coacervation have an other influence on a@ and/or 6 than alcohols which 
exert a salt sparing influence. Ethanol and n.decanol have been chosen 
as representative examples of the former and latter group of alcohols 
respectively. 


In choosing an alcohol of each group for applying the above mentioned method, 
it was decided that no alcohols should be taken too close to the borderline between 
salt sparing and salt demanding alcohols. The transition is situated between 
n.butanol and n.pentanol (see Fig. 3). When the position of the curves for n.propanol 
and for n.butanol is considered (they lie very close together), it is clear that the 
salt demanding influence exerted by n.butanol is the resultant of a salt demanding 
component and a weaker salt sparing component. Similarly the shape of the curves 
for n.pentanol and n.hexanol (which reach a minimum and bent upwards again 
at higher concentration) show that the initial salt sparing influence consists of a 
salt sparing component and a salt demanding one. The latter is weak at low alcohol 
concentrations but increases in strength at increasing alcohol concentration. 

Thus we may exclude n.propanol, n.butanol of the salt demanding alcohols 
and n.pentanol and n.heptanol of the salt sparing alcohols for our purpose, as 
they will probably not show the salt demanding and salt sparing influence respectively 
in its pure form. 

Therefore we must choose either ethanol or methanol as an example of a salt 
demanding alcohol and n.heptanol or a higher alcohol as an example of a salt 
sparing alcohol. 

Our choice was further guided by certain methodological reasons. 

As we intend to investigate the influence of an alcohol at several Cetavlon 
concentrations, the problem arises how the dosage of the alcohol must be chosen 
with respect to a comparable state of the soap micelles at different total soap con- 
centrations. Here we have to reckon with the fact that the distribution ratio of 
an added alcohol between the medium and the soap micelles is shifted in favour 
of the latter with increase of the number of C-atoms in the carbon chain of the 
alcohol. The uptake of methanol and ethanol into the micelles is very small compared 
to the alcohol concentrations required for a distinct salt demanding action, thus 
leaving the alcohol concentration in the medium practically unaltered. To ensure 
that the soap micelles in differently concentrated soap systems are in comparable 
states, it is, therefore, sufficient, in experiments with ethanol or methanol, to work 
at constant alcohol concentration. As there is no preference for either ethanol or 
methanol, ethanol was used in the experiments. With increasing length of the 
carbon chain of the alcohols the dosage becomes less simple, as the part of the aleohol 
taken up by the soap micelles is no longer a negligible amount compared to the 
total amount of the alcohol added. In using long chain alcohols, the dosage becomes 
simple again, as practically all alcohol added is taken up by the soap micelles. 

Comparable states of the soap micelles are reached when at different total soap 
concentrations the ratio alcohol/soap is constant. 
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From investigations of Boors et al.) it became clear that for oleate n.heptanol 
is not yet totally taken up into the micelles whereas this is nearly so in the case 
of n.octanol and the higher alcohols. 

To make sure that in these experiments all alcohol is taken up by the Cetavlon, 
we have chosen n.decanol for the experiments to be described below. 


For the experiments an 8 % stock solution of Cetavlon in water was 
used (80 gr/1). From this stock solution three groups of secondary stock 
solutions were prepared, each group consisting of four solutions containing 
4, 3, 2 and 1 % respectively. The first group, used for the blank experi- 
ments, was made by pipetting 100, 75, 50 or 25 ml of the 8 % stock 
solution into a 200 ml measuring flask and filling up to the required 
volume with distilled water. 

The second group served for the experiments with 1.03 molar ethanol 
and was made in the same way, with the exception that 24 ml ethanol 
was added before filling up to the mark with distilled water. 

The third group was made by pipetting 150 ml 8 % Cetavlon stock 
solution into a 300 ml measuring flask. Now 0.45 ml n.decanol was 
added and stirred until dissolved before filling up to the mark with 
distilled water. Thus a 4 % Cetavlon solution was obtained containing 
n.decanol. From this secondary stock solution, three other secondary 
stock solutions were made by dilution with water, each of them containing 
3, 2 or 1 % Cetavlon respectively. In all these solutions the ratio n.decanol/ 
cationic soap is the same (see above, small print). 

From each of the twelve secondary stock solutions a series of mixtures 
was made according to the general scheme: 


x ml KCNS + (5—2) ml H,O + 5 ml secondary stock solution; 


zx was chosen so as to give systems in the neighbourhood of the 
coacervation limit. 

The mixtures were left overnight in the thermostate and the coacervate 
volumes were read off next morning. The latter expressed in per cents 
of the total volume, have been plotted against the KCNS concentration 
in figure 4. °). 

The experiments with purified Cetavlon have been performed in the 
same way, with the exception that for reasons of economy the coacervate 
volume curves were determined at two Cetavlon concentrations instead 
of four (see figure 5). 

From the graphs in the figures 4 and 5 the KCNS concentrations are 
now read off, at which the coacervate volume is C x 40 % (in which 
C is the Cetavlon concentration), thus for the 0.5 % Cetavlon curves 
at 20% coacervate volume, for the 1% Cetavlon curves at 40% 
coacervate volume, for the 1.5 % Cetavlon curves at 60 % coacervate 


5) see part X in note ?). 
6) The course of the curve obtained from the blank } % Cetavlon was very 
improbable. As obviously an error has been made, this curve was omitted. 
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Fig. 4. Influence of ethanol and n. decanol on the coacervate-volume curves 
for 0.5, 1.0, 1.5 and 2.0 % Cetavlon. The coacervate volumes at which the KCNS 
concentrations are read off, are indicated by dotted lines (see text). 
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Fig. 5. Influence of ethanol and n.decanol on the coacervate volume curves 
for 1 and 2 % purified Cetavlon. Horizontal dotted lines as in figure 4. 
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volume and for the 2 % Cetavlon curves at 80% coacervate volume. 
In this way the KCNS concentrations are obtained, at which the 
coacervates are in comparable states ”). 
The results have been given in the Tables IIT and III, column 3 and 
have been plotted against the soap concentration in figure 6. 


TABLE II 


Influence of ethanol and n.decanol on the binding of CNS~- required to obtain 
a coacervate volume of C x 40 % (40°; Original Cetavlon) 


phar Values a and 6 in the Epis ; 
| Cetavlon KCNS function y = ar +b CNS- bound in % 
Aleohol concentr. millimol/1 of the maximal 
g/100 ml |atC = 40°/, ao b value (100.a/22) 
blank 1.0 32.7 
1.5 39.2 15.2 1 yfgal 69 (+ 2) 
2.0 47.9 
0.5 49.2 
ethanol | 1.0 58.0 15.9 41.6 72 (+ 2) 
1.5 _ 65.7 
2.0 dps 
0.5 15.2 
n. decanol 1.0 21.6 10.8 OKs 49 (+ 2) 
15. 26.9 
2.0 31.5 


TABLE III 


Influence of ethanol and n.decanol on the binding of CNS~ required to obtain 
a coacervate volume of C x 40 % (40°; purified Cetavlon) 


| Values a and b in the 
| 1 S ) 4 1S G fe) 
| Cetavlon KCNS function y = ox +5 CNS bound in % 
Alcohol | concentr. | millimol/1 f of the maximal 
g/100 ml |atC = 40°/, bs b value (100a./23.2) 
blank 1.0 39.8 18.9 20.9 81 (+ 2) 
2.0 58.7 
ethanol 1.0 65.1 17.4 47.7 75 (+ 2) 
| 2.0 82.5 
n. decanol 1.0 26.0 11.8 14.2 51 (+ 2) 
2.0 37.8 


It is clear that for both the original Cetavlon (fig. 6A) and the purified 
Cetavlon (fig. 6B) the experimental points lie on or very close to straight 
lines of the form y = az +6, in which y is the KCNS concentration, 


7) see note 3). 
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Fig. 6. Influence of ethanol and n.decanol on the coacervation of original Cetavlon 

(A) and purified Cetavlon (B), as a function of the soap concentration. Ethanol 

shifts the blank-curve upwards with a nearly unaltered slope; n.decanol shifts the 
blank curve downwards with decreasing slope. 


x the soap concentration, a the slope of the straight line and 6 the part 
cut off from the ordinate axis. By means of a statistical method the values 
of a and 6 have been calculated. These are recorded in the columns 4 
and 5 of the Tables II and IIT. From the values of a and from the purity 
of the Cetavlon preparations (original preparation 80.2%; purified 
Cetavlon 84.6 %) the degree of occupation of the positively charged 
soap ions with CNS ions has been calculated. They have been recorded 
in the columns 6 of the Tables II and ITT. These degrees of occupation 
are uncertain to at least two units, possibly even three units. 


(to be continued ) 
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INFLUENCE OF ORGANIC COMPOUNDS ON SOAP AND 
PHOSPHATIDE COACERVATES XIXb 


a. Influence of n.primary alcohols on the coacervation of cetyltrimethyl- 
ammonium bromide with KCNS 

b. Influence of ethanol (salt demanding) and of n.decanol (salt sparing) 
on the binding of CNS ions to the soap cations 


BY 


H. G. BUNGENBERG DE JONG anp A. RECOURT 


(Communicated at the meeting of September 26, 1953) 


4. Discussion of the results in section 3 


a) Salt demanding and salt sparing action. In spite of the inaccuracy 
of the results in section 3, a distinct difference in action of ethanol and 
n.decanol can clearly be recognized. It appears that the degree of occupation 
of the soap with CNS ions, required for coacervation, is not or only 
slightly altered by 1.03 mol/1 ethanol (original Cetavlon: 69 + 2 %—> 
72 + 2 %; purified Cetavlon: 81 + 2% + 75 + 2 %), but the equilibrium 
concentration of CNS~ (expressed by b) to reach this occupation degree 
is greatly increased by 1.03 mol/1 ethanol (original Cetavlon: 17.1 > 41.6 
millimoles/1; purified Cetavlon: 20.9 ~ 47.7 millimoles/1). The typical 
salt demanding action of ethanol is, therefore, caused by a weakening 
of the fixation of CNS anions to the soap. This can be seen from the 
figures 6A and 6B. 

The blank and ethanol lines are nearly parallel to each other (a same 
slope means a same degree of occupation). The part cut off from the 
ordinate axis (representing the equilibrium concentration) is much larger 
in the case of ethanol than in the case of the blank. 

The influence of n.decanol is quite different. The most distinctive 
feature is here that a much smaller degree of occupation than for the 
blank is required for coacervation (original Cetavlon 49 + 2 % instead 
of 69 + 2 %; purified Cetavlon 51 + 2 % instead of 81 + 2 %). Moreover, 
the equilibrium concentration of CNS to reach this lower degree of 
occupation is less (original Cetavlon 10.3 instead of 17.1 millimoles/1; 
purified Cetavlon 14.2 instead of 20.9 millimoles/1). 

The typical salt sparing action of n.decanol can thus be considered 
to result from a lower degree of occupation being required for coacervation 
and a correspondingly lower equilibrium concentration of CNS~ in the 
medium. These points are both clear from the figures 6A and B. The 
n.decanol line has a smaller slope (smaller degree of occupation at the 
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coacervation limit) and a lower intersection point with the ordinate 
axis (i.e. a lower equilibrium concentration). 


b) Influence of n.decanol and of ethanol on the adsorption isotherm 


A further point in the discussion of the results concerns the influence 
of ethanol and n.decanol on the adsorption isotherm. By the latter 
term is meant the curve representing the CNS~ bound to the soap 
(expressed by 100.a/22 for the original Cetavlon and 100.a/23.2 for the 
purified Cetavlon) as a function of the equilibrium concentration of CNS— 
in the medium (which is expressed by 6) 8). The values used in drawing 
figure 7 have been collected in the survey given below. 


Original Cetavlon (40° C) Purified Cetavlon (40° C) 

Addition Criterion b 100.a/22 || Addition Criterion b 100.a/: 
blank coac. vol. =C x 40 % | 17.1 | 69 (+ 2) || blank | coac, vol. =C x 40 % | 20.9 4 81 (= 
ethanol coac. vol. = C x 40 % | 41.6 | 72 (+ 2) || ethanol | coac. vol. =C x 40% | 47.7 | 75 (+ 
n.decanol| coac. vol. =C x 40 % | 10.3 | 49 (-- 2) || m.decanol| coac. vol. =C x 40% | 14.2 | 51 (+ 
blank elastic limit 9.0 | 41 (+ 2) || blank elastic limit 7.1 44+ 
blank coac. vol. = C x 40% | 17.1] 7041 |! blank coac. vol. = C x 80% | 17.6 | 80 + 
blank coac. vol. = C x 24 % | 18.9 | 68 1 || blank coac. vol. =C x 60% | 18.1 | 81 > 

_ blank coac. vol. = C X 40% | 19.1 | 82 + 


Those on the first, second and third horizontal row are taken from 
the Tables II and III and the corresponding points in figure 7 have been 
represented by open circles. Those on the following horizontal lines are 
taken from an earlier communication °), and are used as a guide to draw 
the adsorption isotherm for the blank series in figure 7 (black dots). 
The results obtained with the original Cetavlon are discussed first. 
The point for the coacervation limit of the blank soap systems of the 
present investigation (open circle) lies within the experimental error on 
this curve (see figure 7A). The point for the coacervation limit of the 
soap systems containing m.decanol lies too within the experimental 
error on the adsorption isotherm for the blank. This is an important 
result. It shows, that the decanol molecules taken up by the soap micelles 
hardly influence the adsorption isotherm. 

The salt sparing action exerted by n.decanol is, therefore, caused 
only by the fact that a lower degree of fixation of CNS anions is required 
for coacervation than in the case of the blank. This lower degree of 


8) The shape of the adsorption isotherm has been discussed in the communication 
mentioned in note 3), 

It was shown that there exist two possibilities viz., a simple curve and a curve 
with a horizontal level halfway. As the latter appears more or less improbable, 
it is assumed that the adsorption isotherm has the common shape. 

%) see note 3). 
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fixation is reached at a correspondingly lower equilibrium concentration 
(6) on the same adsorption isotherm. 

The influence of ethanol is quite different. The point representing 
the coacervation of the ethanol containing soap systems (open circle) 
lies far to the right of the blank adsorption isotherm. Ethanol thus displaces 
the adsorption isotherm in a direction which can be explained in terms 
of a weakening of the adsorption. The displaced adsorption isotherm 
has in figure 7 been drawn tentatively through the open circle and the 


100.a/ 22 
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80 
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ethanol 
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Fig. 7. Influence of ethanol and n.decanol on the adsorption isotherm. A: original 
Cetavlon; B: purified Cetavlon. Open circles: results of the present investigation. 
Dots: results of the former investigation, blank curve. Dotted horizontal lines: 
degree of occupation of the soap with CNS~ required to obtain coacervation. 


origin. The open circle on this curve is situated on nearly the same level 
as is the open circle on the adsorption isotherm for the blank soap systems. 
Thus, though the adsorption of CNS to the soap is weakened considerably 
by 1.03 molar ethanol, the same fixation degree is required for coacervation 
as for the blank. 

When we now turn to the results obtained with the purified Cetavlon 
(compare figure 7B), we find similar results as with the original Cetavlon 
preparation. It is clear that here too the adsorption isotherm is displaced 
by ethanol in a direction which means a weakening of the adsorption. 

30 Series B 
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The open circle representing the coacervation of the n.decanol containing 
soap systems lies at some distance to the right of the blank adsorption 
isotherm, and not on it as in figure 7A. 

It suggests that in contradistinction with the original Cetavlon the 
adsorption isotherm is slightly displaced by n.decanol in the same 
direction as by ethanol. The displaced curve (dotted) has been provided 
with a question mark, as we are not sure of the reality of this displacement 
by n.decanol. 

It must not be forgotten that in the experiments with purified Cetavlon only 
two soap concentrations have been investigated. Hence the values of 6 and of 
100.a/23.2 are less certain than the corresponding values for the original Cetavlon 
of which four different concentrations were investigated. The fact that in fig. 7B the 
point representing the coacervation of the blank soap systems does not fit in so 
well with the blank adsorption isotherm through the black dots, as given in 
figure 7A, points in this same direction. 

The reality of a slight displacement of the adsorption isotherm by n.decanol, 
as is suggested by figure 7B is there left open to discussion. 


c) Localization of the cation of a salt sparing and a salt demanding alcohol 


Summarizing the discussions sub a) and 5b), it may be stated: 

1. Ethanol shifts the adsorption isotherm in a direction which means 
a weakening of the adsorption of CNS~ to the soap. 

2. mn.Decanol does not or only slightly shift the adsorption isotherm; 
there are no indications that the adsorption isotherm would be shifted 
in a direction which points to an enhancement of the adsorption of CNS— 
to the soap. 

3. In the presence of ethanol the same degree of occupation of the 
micellar surface with CNS~ is required for coacervation as in the blank. 

4. In the presence of m.decanol a much smaller degree of fixation 
of CNS~ to the micellar surface than in the blank, causes already 
coacervation. 


The interpretation of the salt sparing influence of the higher terms 
of polar non-electrolytes e.g. of alcohols on soap coacervates, as given 
by Boor et al. 1°), fits well in with the above point 4. 

According to this interpretation the higher terms are preferently taken 
up into the soap micelles with their polar group fixed in the micellar 
surface (compare 6 in figure 8). 

In this position they diminish locally the Coulomb repulsion of the 
ionized heads of the soap ions, as a result of which the outgrowth of 
spherical micelles into large sandwich micelles can already take place 
at a lower salt concentration, i.e. at a lower degree of fixation of oppositely 
charged ions of the salt to the soap ions. 

Point 3 shows that in the case of Cetavlon with ethanol, practically 
no alcohol molecules are taken up by the soap micelles at a concentration 


10) H. L. Boor in Part XVII of this series, Rec. Trav. Chim., 71, 101 (1952). 
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of 1 mole/1 ethanol in the medium. In the reverse case we should expect 
the degree of occupation required for coacervation to be lower. The 
localization of the action of ethanol on the coacervation of Cetavlon is 
therefore found in the medium exclusively (compare a in figure 8) and 
results in a weakening of the adsorption equilibrium (compare the above 
point 1). 


aa y q 
_—— 
Y 


Fig. 8. Scheme for the localisation of added organic substances in a soap coacervate 
(according to Boos). An organic substance may be found preferably: a. in the 
medium surrounding the micelle, e.g. short chain polar substances, b. between 
the parellel soap molecules of a micelle, e.g. long chain polar substances and 
c. between the CH,-planes of the micelles, e.g. long chain alkanes. 


-----~---0O 
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5. Final Remarks 


It appears that in all soaps investigated the higher terms of the homologous 
series of the normal primary alcohols have a salt sparing influence. 

With carboxy] soaps as well as with Cetavlon, the first terms exert a salt demanding 
action 4). Assuming that in the case of carboxyl soaps too the lowest terms do 
not penetrate the micelles we may come to the same conclusion concerning the 
salt demanding influence as given above (weakening of the fixation of cations). 
In the case of the sulfate soaps investigated no transition occurs in the homologous 
series of the normal primary alcohols. All terms — inclusive methanol and ethanol — 
exert a salt sparing action ™). Assuming once more that the alcohol molecules 
of the lower terms practically do not enter into the soap micelles, it is clear that 
in this case the fixation of the oppositely charged salt ion to the soap ions is enforced. 
instead of weakened. As a consequence, the adsorption isotherm is displaced in 
the opposite direction as is the case with Cetavlon. 

For the time being, no salts are available which bring about coacervation of 
carboxyl soaps and of sulfate soaps at such low concentrations that it is possible 
to carry out an investigation concerning the binding of the oppositely charged 
salt ion to the soap ions. It is therefore impossible for the time being to verify 
the above mentioned about the effects of the lower terms of the homologous series 
of the alcohols by experiments with sulfate soaps and with carboxyl soaps. 


Summary 
1. The influence of the normal primary alcohols on the coacervation 
of cetyltrimethylammonium bromide with KCNS has been studied. 


11) gee note 2). 
12) see note 2). 


466 


The results obtained resemble those with the coacervation of oleate 
with KCl, insofar, that the lower terms of the homologous series have a 
salt demanding action, the higher terms a salt sparing action. 
The transition between the two actions lies here between n.butanol 
and n.pentanol;: 
10 —(9) —-8 —-7—6—5|4—3—2-—1 
Salt sparing action Salt demanding action 


2. The influence of ethanol and n. decanol on the binding of CNS~ 
to the soap and the corresponding equilibrium concentration of CNS 
in the medium required for coacervation has been studied. 

3. Ethanol shifts the adsorption isotherm in a direction which indicates 
a weakening of the adsorption of CNS. 

The amount of CNS adsorbed to the soap, required for coacervation, 
is the same as in the blank. 

4. No shift (or only a slight one) of the adsorption isotherm takes 
place in the experiments with n.decanol. The amount of CNS bound to 
the soap at coacervation is less than is the case with the blank. 

5. The results sub 4) support the interpretation given by Boor 
concerning the salt sparing influence of the higher terms of the homologous 
series of the n.primary alcohols on coacervation. These alcohols are 
taken up into the micelles and are situated between the carbon chains 
of the soap ions with their OH-groups fixed in the micellar 
surface. In this situation they locally diminish the Coulomb repulsion. 
As a consequence less salt is required for the transformation of the 
spherical micelles into large sandwich micelles. 

6. The results sub 3) show that ethanol is not (or hardly not) taken 
up into the micelles, thus localizing the salt demanding action as an 
effect of the alcohol molecules of the medium. 

7. The influence of alcohols on the coacervation of other soaps has 
been discussed. 


Department of Medical Chemistry, 
University of Leyden. 
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§ 1. Introduction 


It has been known for a long time, in fact since about A.D. 1800, that 
eruptive rocks have a permanent magnetic polarization which is much 
larger than can be acquired in the present geomagnetic field at 20° C. 
It is also known that the direction of this magnetization can form any 
angle with the present direction of the field. Experimentally it has been 
established that the permanent magnetization acquired by an igneous 
rock which has been heated and cooled through the Curie point in magnetic 
fields of the order of the earth’s field (this permanent magnetization is 
called thermo-remanent magnetization) is considerably greater than the 
permanent magnetization acquired by exposing the specimen to the same 
field at room temperature (KOENIGSBERGER 1938). It is therefore likely 
that the present direction of magnetization of an igneous rock as found in 
nature is the same as that of the local magnetic field at the time of its 
solidification, allowing for subsequent tectonic movements. This opinion 
is supported by measurements of the direction of magnetization of recent 
lava flows. CHEVALLIER (1925) determined the direction of permanent 
magnetization of lava flows on Etna, of which the dates were known, and 
was able to trace the changes in direction from the 12th to the 17th 
century; the later results agree with observatory determinations. Mrna- 
KAMI (1941) reports that the Yoridai-Sawa lava flow (erupted on July 12, 
1940) actually became magnetized in the direction of the local geomagnetic 
field. 

Similarly, sediments have been investigated with a view to tracing the 
changes of the geomagnetic field at the site of deposition. It may be empha- 
sized here that for igneous rocks and sediments two entirely different mecha- 
nisms lead to the development of permanent magnetic polarization. The 
permanent polarization is acquired by the igneous rock (or, rather, by the 
magnetite or other ferromagnetic minerals it contains) when after solidi- 
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fication the rock cools down through its Curie point. When a sediment is 
formed, however, the minute permanently magnetized ferromagnetic 
particles settle and are lined up in the geomagnetic field. The resulting 
permanent magnetization per c.c. is on the average a thousand times 
smaller than that of igneous rocks. Jounson, MurpHy and ToRRESON 
(1948) investigated varved clays covering approximately 5,000 years. 
The results indicate that the magnetization of these clays has remained 
constant in direction and intensity since they were deposited 10,000— 
20,000 years ago. This conclusion is reinforced by experiments on rede- 
positing the clays in the laboratory and testing their stability, as well as 
by their high coercive force. TorrEsoN, MurpHy and GRAHAM (1949) 
investigated rocks ranging in age from Jurassic (100 million years old) to 
Miocene (10 million years old). The results are thought to indicate that 
for the past 100 million years these sediments have retained the permanent 
magnetization which they acquired on deposition. A similar conclusion 
was drawn by GRAHAM (1949) from his investigation of folded sedimentary 
beds. He determined the directions of magnetization of specimens from 
the same folded stratum and corrected them for the geological dip. It 
appears that this ‘unfolding’ procedure greatly reduces the scatter of 
the directions of magnetization. In this way he was able to show that 
certain sedimentary rocks have retained their direction of polarization 
over periods ranging from 15,000 to 200,000,000 years. GRAHAM also 
investigated the direction of magnetization of pebbles in a conglomerate. 
Tf all pebbles have the same direction of magnetization, the magnetization 
is unstable as the pebbles were deposited in a random manner; but if the 
directions are random, stability of the magnetization of each pebble is 
indicated. 

It therefore seems a legitimate procedure to derive data on the history 
of the geomagnetic field from measurements of the direction of permanent 
magnetization of igneous and sedimentary rocks. 

However, many instances have been discovered of igneous rocks which 
have a permanent magnetization approximately opposite in direction to 
the present field. They have been found during magnetic surveys in Great 
Britain, Eire, Germany, South Africa, New Zealand and Brazil, and by 
laboratory measurements on rocks from France, Spitzbergen, Greenland 
and Japan (references in HaatcK 1942, BrucksHaw & ROBERTSON 1949 
and CHAPMAN 1948). The best known examples are the Pilansberg dyke 
system in Southern Transvaal (GeLLETIcH 1937) and the Tertiary tholeiite 
dykes in northern England (BrucksHaw & Roserrtrson 1949). The 
question is whether this reverse magnetization is due to a property of the 
igneous rock which, on cooling, produces reverse permanent magnetization 
in a normal field or whether it must be assumed that we are dealing with 
ordinary thermo-remanent magnetism which was acquired in a reversed 
field. This is the crucial question in the interpretation of results derived 
from rock magnetism and it will be discussed in detail in this paper. 
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In Iceland lava flows occur, ranging in age from Eocene to the present 
day, that is from about 50 million years ago to the year 1947-8, the 
latest eruption.of the voleano Hekla. In a few localities datable sediments 
occur, which have also been studied. Approximately 650 oriented samples 
were collected, from which specimens in the shape of cubes or cylinders 
were cut. These were measured on an astatic magnetometer and the 
resultant direction of permanent magnetization corrected for the geological 
dip of the stratum. The total possible errors in the final directions of 
permanent magnetization are 13° and 15° for the cylindrical and cubical 
specimens respectively. In terms of probable errors this amounts to 4.3° 
and 5.0° respectively. The sediments were measured on Professor P. M. 8. 
BLACKETT’s astatic magnetometer at Jodrell Bank, Cheshire. For these 
sedimentary specimens the probable error of the final results amounts 
to approximately 7°. 

This paper contains a preliminary account of the results obtained from 
the measurements on these samples. 


2. The natural permanent magnetization of Icelandic lava flows and 
1 
sediments 


a. Historic lava flows. — Flows of the following dates occur near Mt. 
Hekla: A.D. 1766, 1845, 1878, 1913 and 1947-8. Fig. 1 shows the localities 


Mt.Hekla & vicinity 
5 io km 


Fig. 1. Map of Mt. Hekla and vicinity (after KsARTANSSON 1945 and 'THORARINSSON 
1950) showing the localities where historic lava flows have been sampled (cf. Table I). 


(indicated by letters and arrows) where the samples were taken. The same 
letters appear in Table I. 

In Fig. 2 the directions of permanent magnetization of the individual 
samples are shown on a stereographic projection with its origin taken at 
the point of sampling in each case. The north-seeking pole of the permanent 
magnetization points downwards in all specimens, or in other words the 
vertical component of the magnetization in all specimens points down- 


TABLE I. Historic lava flows 


1 a eS A SS SE A A RS SEA ST SS SS SE 


: Locality on Specimen Number 
eee DP map of Fig. 1 No. in Fig. 2 of samples 
1766 Hringlandahraun A 637-41 5 
1845 Naefurholtshraun B 627, 625" Z 

C 629, 630 2 
1878 Nyjahraun D 654-8 5 
1913 Lambafitarhraun E 6494-8 652, 6534-8 83 
1947-8 — F 631-6 6 
G 6424-8, 6434-8, 644 3 


N.B. <A and B as well as I and II in the specimen numbers denote specimens cut 
from the same sample. 


Fig. 2. Stereographic equatorial projection, showing the direction of permanent 

magnetization of individual oriented samples from historic lava flows of Mt. Hekla 

and vicinity (cf. Table I). The vertical component of the permanent magnetization 
of all specimens points downwards. 
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wards. Fig. 2 therefore represents the lower half of the sphere drawn 
around the point of observation. The mean direction of magnetization 
has been determined for each flow and subsequently the mean directon 
of the five mean directions thus obtained has been calculated. This total 
mean direction is compared with the direction of the present field and 
that of the theoretical dipole field in Table II. The direction of the present 
field is taken from Vestrnn’s work (VESTINE et al. 1947); the direction of 
the theoretical dipole field is that of the field due to a magnetic dipole 
situated at the centre of the earth and pointing along its geographical 
axis. The declination of this theoretical dipole field is, of course, zero. 
The dip is calculated from the formula tan J = 2 tan A where I is the 
inclination and A the geographic latitude. 


TABLE II 
Angl ith 
Declination | Inclination *) saber 
mean direction 
Mean direction. . .... N 4.3° H + 76.2° OR 
iPresermiwmieud Pe 5s ssi 3s N 26.0° W + 77.0° rh 
UB crore) Cae a Cells Oe a re N 0° | + 76.3° 1S 


*) Positive sign means that the north-seeking pole dips below the horizontal 
plane; negative (in later tables) that it points upwards from the horizontal plane. 


A comparison of these three directions is made in Table II, but the 
striking agreement between the mean direction of magnetization and the 
dipole field cannot be considered as significant as the “present field 
direction”’ does not represent the highly disturbed local geomagnetic field 
near the volcano. Moreover, it is known that in Iceland the declination 
has been to the west for at least several centuries (cf. FLemine 1949, 
p. 14, fig. 10). 


b. Postglacial lava flows of S.W. Iceland. — An average number of 
four samples were taken from each of eight different flows which were 
formed in 8.W. Iceland after the end of the last glacial period (approxi- 
mately 10,000 years ago). These flows have been listed in Table III, 
together with their ages as determined by Dr SicuRDHUR THORARINSSON 
by means of his tephrochronological method (cf. THORARINSSON 1944 and 


TABLE III. Postglacial lava flows 


Locality or name of flow Age Declination Inclination 
A. Krékarhraun ..... 2,000 years YW i1.3°s + 76.8° 
iB. Lbjorsarhrauns, . 4 = > 6,000 N 58.2° E + 64.6° 
Ce Syanhapi ss + = 2) = > 6,000 N 32.9° W + 70.0° 
1D, Hellisheidhis 2... : < 5,000 N 26.0° W + 73.6° 
EB. pvineahraum . © 5) . . < 5,000 N 13.9° W + 66.3° 
By Hraundjardhir=. 2 = = . > 2-3,000 N 5.3° W + 66.5° 
G. miidhed 4. 26s. 5,300 +340 N 33.8° W + 78.0° 
H. Thingvellahraun. .. . < 10,000 N 38.7°E + 72.2° 
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1951) as well as the mean direction of magnetization of each flow. It will 
be seen from this table that the measurements extend over at least 4,000 
years. Lava flow G from Ellidhad was dated by means of a radiocarbon 
age determination of the underlying peat by Professor W. F. Lipsy, 
University of Chicago (Lippy 1952). 

The total mean direction for all flows and the direction of present and 
dipole field are shown, together with the direction of polarization of each 
each individual flow, in fig. 3. The usual comparison is made in Table IV. 


DECLINATION 


BOP TOPBOPEPBOP ORGS E 
INCLINATION 

+ MEAN DIRECTION 

© PRESENT FIELD 

* DIPOLE FIELD 


Fig. 3. Part of a stereographic polar projection, showing the mean direction of 

permanent magnetization of eight postglacial lava flows (cf. Table III), the direction 

of the present field and the total mean direction of the eight mean directions of 

magnetization. The vertical component of the permanent magnetization points 
downwards in all specimens. 


TABLE IV 
Vay a oleae ae Angle with 
Declination | Inclination | mean divoetion 
Mean direction. ..... NEE + 73.8° 0° 
[eigesieisty Mh 5 6 6 o oa « N 27.0° W + 77.0° 7.0> 
(Dipoles tel daemrmr- air me: N 0° + 76.3° 25° 


It follows from Table IV that the mean direction of magnetization 
agrees much better with the theoretical dipole field than with the present 
field. As the flows occur at widely separated localities, the present field 
direction is representative of the actual local field and the conclusion may 
therefore be drawn that, taken over a period of some thousands of years, 
the magnetic pole centres on the geographic pole, a conclusion already 
reached by Torreson, Murpuy and Granam (1949) from measurements 
on rocks ranging in age from 10-100,000,000 years. The same results 
would probably be produced if the magnetic pole rotated about the 
geographic pole. This idea, however, is not supported by evidence from 
various analyses of the present geomagnetic field (FLEMING 1949, p. 327) 
and has been abandoned. 


ce. Karly Quaternary lava flows and sediments. — In all sections in the 
plateau basalt series in W. and 8.W. Iceland an upper series occurs which 
differs slightly in appearance from the underlying Tertiary lava flows and 
moreover shows intercalations of beds of glacial origin. As in Snaefellsnes 
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this series rests on a sedimentary bed with an arctic mollusc fauna it 
must be assigned to the Early Quaternary (cf. Pserurss 1910). In fig. 4 
the individual lava flows in a number of sections from Snaefellsnes in 
western Iceland are shown. The numbers refer to the specimens; when 
the number is underlined an accurate determination of the direction of 
magnetization has been carried out in the laboratory. The numbers which 
are not underlined refer to specimens of which only the direction of the 
vertical component of magnetization has been determined. N (for N ormal) 
denotes that the vertical component of permanent magnetization in the 
specimen points downwards, R (for Reverse) denotes the opposite direc- 
tion. These symbols will also be used in the text. 
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Fig. 4. Early Quaternary and Tertiary lava flows exposed in Snaefellsnes; the 
sections are approximately 3 km. apart. The Early Quaternary flows are reversely 
magnetized but the underlying Tertiary plateau basalts show a normally magnetized 
zone at the top (which is only represented by one flow in the St6dh section) and a 
reversely magnetized zone of flows at the bottom (only exposed at Stédh and 
Bilandsgil). The boundary of the Tertiary. and Early Quaternary series was 
determined on purely geological grounds, that is, without reference to the magnetic 
data. The arrow on the inset indicates the area where these sections were observed. 


A similar situation to that shown in fig. 4 is encountered in the 
Hvalfjérdhur district and in Mt. Esja, at distances of 120 and 125 km 
respectively from Snaefellsnes; in fact, the reversely magnetized Karly 
Quaternary zones can be traced through all these sections. In fig. 5 the 
directions of permanent magnetization of the individual specimens of lava 
flows from the Early Quaternary reversely magnetized zone of Esja, the 
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Fig. 5. Stereographic equatorial projection (upper hemisphere) showing the 

directions of permanent magnetization of individual specimens from the Early 

Quaternary reversely magnetized series of lava flows in W. and 8.W. Iceland. 

Also are shown the mean direction of magnetization and the opposite directions of 
the present field and the theoretical dipole field. 


Hvalfjordhur district and Snaefellsnes are shown (where necessary after 
correction for the geological dip). The opposite directions of the present 
field and of the theoretical dipole field are also shown in this figure. The 
vertical component of the magnetization of all specimens points upwards 
and the stereographic projection of fig. 5 therefore represents the upper 
half of the sphere drawn around the points of observation. The usual 
comparison is made in Table V. The difference in latitude causes only a 
change of 0.4° in the dip of the theoretical dipole field for the extreme 
sections, and is therefore negligible. Here again we find a better agreement 
between the mean direction of magnetization and the opposite direction 
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Fig. 6, Stereographic polar projections showing the direction of permanent 
magnetization of individual specimens from: a. interglacial sediments of Vidhidalur 
(N.W. Iceland); 6. interglacial sediments from Ellidhaarvogur and Fossvogur in 
S.W. Iceland (the latter are perhaps interstadial); c. the upper part of the Pliocene 
sediments of Tjérnes peninsula (N. Iceland); d. Early Quaternary sediment of Mt. 
Stédh, Snaefellsnes (W. Iceland, cf. fig. 4); e. the lower part of the Pliocene sediments 
of Tjérnes; f. interbasaltic lake sediments of probably Miocene age at Merkjargil 
in N. Iceland. For a-c the projections represent the lower, for d-f the upper 
hemisphere. 


TABLE VI. Stratigraphic Column of Iceland 


Historic lava flows: from A.D. 1729 to 1947-8 . ie N 
Postglacial lava flows: from 2,000—7,000 years old. ....... N 
Interglacial lava flows and sediments, approx. 150,000 years old . N 
Palagonite Formation: sampled part 500,000 years old or less . . N 
Early Quaternary lava flows and sediments: 500,000—1,000,000 years 
old te fe nee Eel 8 ie 5s, gh pe Ge R 
. Break . 
N 
R 


Pliocene sediments and lava flows: 2,-12,000,000 years old... . \ 
( 
Nee Nee tae, er eee . Break . 7 aia: AP ae 
Tertiary lava flows (and some sediments) ; those sampled are probably (R 
Miocene: 12—26,000,000 years old \N 
Re 
oN 


476 


of the dipole field than between this mean direction and the opposite 
direction of the present field. 


TABLE V. cae cs naltcslite R zone 


| 
i ahd: “Angle with 
Declination | Inclination | dan divection 
ae | 
Wiha, whageim@a 6 6 9 o 5 « N 181.0° E — Toso. | OF 
eres inelkel 6 6 co ou o N pe a W + 77.0° | 180° — 6.3° 
Dipolesiield Wy sent N | + 76.7° | 180° — 1.5° 


In Mt. Stddh (Snaefellsnes) reversely magnetized sediments are found 
(cf. fig. 4). These will be discussed below. 


d. Tertiary plateau basalts. — The results can be easily summarized: 
in all sections it is found that zones of N and R magnetization, each 
comprising up to 25 lava flows, alternate. These zones can always be 
traced through neighbouring sections. 


e. Sediments. — Both normally and reversely magnetized sediments 
have been found in Iceland; their direction of magnetization is always in 
complete agreement with the magnetization of the lava flows with which 
they are associated. In fig. 6 their directions of magnetization are shown 
on stereographic polar projections. It will be seen that the mean directions 
of magnetization show a similar change in direction through 180° to that 
found in the lava flows. The only instances of sediments with anomalous 
directions of magnetization reported thus far are those described from 
the Silurian of the U.S.A. (TuvE 1950, pp. 62-3) and from the late Tertiary 
in Japan (Kawar 1951). 


f. The stratigraphic column. — The magnetic polarization of the various 
geological formations in the stratigraphic column is summarized in Table 
VI; an estimate of the absolute age is added. The interglacial formations 
must presumably be assigned to the last interglacial, for which the age 
given by ZEUNER (1950, pp. 140-5) is used. The other ages are also 
approximate and largely based on ages given by Hortmes (1947). The 
succession of N and R zones in the Tertiary plateau basalt series is that 
observed at Merkjargil in N. Iceland. 

It should be kept in mind that Table VI is by no means a complete, 
continuous record, as the sampled formations are separated by long 
periods of time when now hidden or undiscovered strata were formed or 
when non-deposition or erosion occurred. 

The N and R specimens are apparently grouped in zones, each zone 
comprising approximately 25 lava flows of 150-200 metres total thickness 
or a comparable thickness of sediments. 


(to be continued) 
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§ 3. The origin of the normal natural magnetization 


The intensity of the natural permanent magnetization of Icelandic 
lava flows ranges from 3 x 10-3 to 13 x 10-3 gauss (c.g.s. e.m.u. per ©.¢.). 
This intensity of magnetization cannot be acquired by the rocks at 20° C 
in the present field; the volume susceptibility is approximately 10-* and 
the entire induced magnetization therefore only about 5 to 15 % of the 
permanent magnetization. An intensity of permanent magnetization of 
the same order as the natural one can be acquired at 20° C but only in 
fields of the order of 20-30 gauss. 

However, an intensity of magnetization of approximately 7 x 10-3 
gauss can be acquired by the specimens in the present geomagnetic field 
(approx. 0.5 gauss) when they cool down through the Curie point to room 
temperature. The conclusion may therefore be drawn that the present 
natural magnetization of the lava flows was acquired by cooling in a field 
comparable in strength to the earth’s field, that is, it is of thermo-remanent 
origin. This is supported by the measurements on the historic lava flows; 
it is difficult to see how these flows could acquire their magnetization 
otherwise than by cooling in the earth’s field. 

This inference is also confirmed by a study of the mean directions of 
magnetization. In Table VII the mean directions of permanent mag- 


TABLE VII 
Angle of mean direction with: 
Group 
present field dipole field 
Historic lava flows. ...---+-.+-+.4.. yee LE 
Postglacial lava flows: | 
ap of GW. Todland ss behe eke bo 7.5° | 05° 
(6) of N. Iceland. ....- - A Fs 13.5° at 5 
Palagonite Formation, S. Tosend OF OD 6.15 2.0° 
N. Tertiary, W. Iceland ....-.-.-.. 11.0° 12.0° 
N. Tertiary, N. Iceland... ....-..-..- 6.2° | 1.5° 


Pliocene flows of Tjérnes, N. Iceland . . . 1B We Be 10.8° 


EARLY QUATERNARY 
CONGLOMERATE 


© UPPER 
° LOWER HEMISPHERE 


Fig. 7. Stereographic projection, show 
of individual boulders from a conglor 
million years old). In this figure bot 
distribution of the directions shows t 


ing the directions of permanent magnetization 
nerate of Early Quaternary age (nearly one 
h hemispheres are represented. The random 


hat the directions of the permanent magnet- 
ization have been stable since deposition. 
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netization for various groups are compared with the direction of the 
present and the dipole field. The table shows that there is a nearly con- 
sistently better agreement with the dipole field. This natural magnetization 
therefore does not follow the direction of the present field, that is, it must 
be stable over periods of time of the order of several centuries. 

The stability of the permanent magnetization can also be investigated 
by using two methods due to GraHaAmM (1949). In fig. 7 the directions of 
magnetization of the individual boulders of a conglomerate of Early 
Quaternary age from N. Iceland are shown. There are 12 pebbles and 
boulders in all and it will be seen that the distribution is practically 
random. This indicates that the direction of the permanent magnetization 
of these boulders has been stable since deposition nearly one million 
years ago, and therefore it may be assumed that lava flows (which have 
exactly the same composition) are also able to retain their permanent 
magnetization over similar periods of time. The effect of ‘“‘unfolding” 
on the scatter has also been investigated. One compares the scatter in 
the directions of permanent magnetization of a group of specimens from 
several sections (each section showing a different direction and amount 
of geological dip) before and after correcting for the geological dip of the 
strata. If flattening out (‘unfolding’) decreases the scatter, the mag- 
netization is likely to have originated before the tectonic movements 
occurred. The effect of “unfolding” is shown in Table VIII. N denotes 


TABLE VIII. The effect of “unfolding” on the scatter 


Group N | R, | RB, | Change in R, 
Tertiary N specimens from W.and N. Iceland) 34 | 30.43 | 29.95 —16% 
Same, without Pliocene flows of Tjoérnes .| 29 | 25.70 | 25.11 — 2.3% 


Tertiary R specimens from W.andN.Iceland; 23 | 20.85 | 21.01 + 0.8 % 
Same, plus flatlying Tertiary R specimens 
LOIS Vie ML COLATAIA. Sg so ' 2 Fas wa es ges 26 2a.Ooull oot + 0.5% 


the number of specimens (number of directions of magnetization, each 
given unit weight), R, the length of the resultant of the N unit vectors 
after the correction, and R, the length of the resultant vector before the 
correction for geological dip. In the last column the change in A, is 
expressed in percents. It will be seen from Table VIII that the change is 
either positive and small or negative and large. This indicates that “‘un- 
folding’’ increases the length of the resultant vector and so reduces the 
scatter. The permanent magnetization of the normally magnetized 
Tertiary specimens therefore originated before the tectonic movements, 
that is, before Early Pliocene times; the magnetization has been stable 
in direction over several millions of years. 

The conclusion seems therefore justified that the natural normal 
magnetization of the lava flows is of thermo-remanent origin, that it was 
acquired by the flows when they cooled down for the first time and that 
the directions of magnetization have been stable ever since. 

31 Series B 
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For the normally magnetized sediments no such evidence is available. 
However, redeposition in the laboratory in the earth’s field shows that 
the sediment acquires a permanent magnetization, the direction of which 
is within 15° of the external field and the intensity of which is 1.2 x 10+ 
gauss. This is in good agreement with the intensity of magnetization of 
the natural sediment, which is 7.4 x 10~° gauss. This suggests that the 
natural permanent magnetization of these sediments originated when 
they were formed and represents approximately the direction of the 
field in which they were deposited. 


§ 4. The origin of the reverse natural magnetization 


a. Proposed explanations. — It will be clear from the regularities in 
the distribution of N and R magnetization that local causes such as 
lightning, mechanical stresses etc., as for example proposed by HEILAND 
(1930), cannot account for the reverse magnetization. It can also be shown 
that differences in the rate of cooling cannot account for the observed 
facts. Processes such as continental drift or polar wandering are also 
extremely unlikely explanations. However, N&EL (1951) has recently 
proposed a number of mechanisms which could, in theoretical substances, 
produce a magnetization opposed in direction to the external field. These 
mechanisms will now be discussed in some detail. 

In certain substances, which possess a spinel structure and are called 
ferrites, the magnetic ions are situated on two sublattices. The first 
sublattice (type A) comprises the positive ions which are surrounded by 
four oxygen ions (tetrahedral sites), the second (type B), the positive ions 
which are surrounded by six oxygen ions (octahedral sites). The two 
sublattices possess spontaneous magnetization in opposite directions; 
these ferrites are in fact imperfect antiferromagnetics. Given a suitable 
distribution of the ions on the two sublattices and suitable values of the 
various coefficients of the molecular field, the variation with temperature 
of the spontaneous total magnetization is of the N type. This N type of 
ferrite is characterized by the following behaviour: from the absolute 
zero of temperature the total spontaneous magnetization decreases with 
rising temperature, goes through zero, becomes negative, passes through 
a minimum and subsequently decreases again to zero at the paramagnetic 
Curie point. This behaviour is due to the different thermal variation of 
the spontaneous magnetization of the two sublattices. Such a substance 
therefore could acquire a magnetization in a direction opposite to the 
field in which it cools. The same is true of the very similar V type ferrite 
(cf. Nun 1948), The ferromagnetic minerals of lavas are probably impure 
magnetities; they may therefore behave like ferrimagnetic spinels, and 
show reverse magnetization acquired on cooling in a normal field. Nien 
states, however, that substances which show this behaviour are not yet 
known, and the proposal is therefore made on theoretical grounds only. 
For the sake of convenience this explanation of N#Et’s will be referred 
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to as explanation or mechanism N I. The permanent magnetization of a 
ferrimagnetic substance can also be reversed by later substitutions in the 
lattice. Suppose we have a ferrimagnetic substance in which the absolute 
values of the spontaneous magnetization of sublattice B exceeds that of 
sublattice A; the resultant magnetization is then in the direction of sub- 
lattice B. When chemical substitutions occur and highly magnetic ions 
of sublattice B are replaced by ions which are only feebly magnetic or 
non-magnetic, the spontaneous magnetization of sublattice B may decrease 
until it is less than that of A. The substance is now magnetized in the 
opposite direction. NEEL states, however, that no ferrimagnetic substance 
is known in which the absolute value of the spontaneous magnetization 
of sublattice B is less than that of A; so that the above chemical changes 
should have to produce a substance which is not yet known. N&EL there- 
fore does not attach much importance to this explanation (to which we 
shall refer as explanation N IJ) and that is probably the reason why he 
does not mention that this explanation does not only apply to lava flows 
but also to sediments, following a similar reasoning as that given below 
for N IV. 

Two other mechanisms have also been proposed by N&EL in the same 
paper (1951). If in an igneous rock two finely divided ferromagnetic 
substances of different Curie points occur in local aggregates, reverse 
magnetization may be acquired as follows when the rock cools down in a 
magnetic field. On cooling, the rock passes first through the (higher) 
Curie point of substance A, which consequently becomes permanently 
magnetized in the direction of the external field. The magnetic field 
between the grains of A is the resultant of the external field and of the 
demagnetizing field of the grains of substance A. This resultant field may 
be negative, that is in a direction opposite to that of the external field, so 
that the grains of B are magnetized in a direction opposed to that of the 
external field, when the (lower) Curie point of B is reached. N&EL then 
demonstrates that the resultant thermo-remanent: magnetization can be 
opposite in direction to the external field. This explanation will be 
referred to as explanation or mechanism N III. Even if the resultant 
thermo-remanent magnetization is not opposed to the field, it may later 
become so when chemical changes occur. If these chemical changes only 
affect the first substance A, its magnetization decreases or disappears 
and we are left with the magnetization of substance B, which is opposed 
to the external field. The same process is capable of producing reverse 
magnetization in sediments. Assuming that the local aggregates of fine 
particles of the two different substances remain intact, they will be lined 
up by the magnetic field when they settle as sediment and they will be 
lined up according to the magnetization of substance A. Chemical changes 
after the deposition may then remove or destroy the magnetization of 
substance A and we are left with a sedimentary rock, magnetized in the 
direction of B and therefore opposite to the field in which the sediment 
was deposited. This will be referred to as explanation N IV. 
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N&ev’s theoretical work on ferrimagnetism and antiferromagnetism 
has excited widespread interest (cf. Colloque international, 1951) and his 
predictions have been strikingly confirmed by experiment (N&EL 1949, 
SrreEt 1951). The interest of this theoretical and experimental work for 
the study of rock magnetism is all the greater since NaGata (1952) has 
recently been able to show that a sample of grains of impure magnetite 
(it contains 7.4 % TiO,) from a dacite pumice can acquire reverse mag- 
netization in a normal field, when cooled. The experiments were done 
with a magnetic field of 2 gauss, which was cancelled over most of the 
temperature range when the specimen was cooling, but reverse mag- 
netization also originated when the specimen was cooled in a field of 
0.5 gauss from above the Curie point of the rock down to room temperature 
(Nacata, AkrimotTo and Uyrpa, 1951 and 1952). The exact mechanism 
which is responsible for the reverse magnetization acquired by this 
specimen is as yet obscure, but there is little doubt that the choice is 
limited to the two mechanisms proposed by N&Et which we have denoted 
by N I and N III. The experimental data at present available do not 
permit a decision to be made, and one puzzling feature of the known 
facts is that on cooling the reverse magnetization is acquired in a way 
different from the way in which the specimen loses it again on reheating 
(cf. fig. 3 in Naaata, Akimoro and UyepaA, 1952). For the purpose of the 
present discussion, however, the possible explanations suggested by 
NaGAta’s experiments are covered by explanations N I and N III. 

The last possible explanation is that of repeated reversals of the 
geomagnetic field. This explanation has been favoured by BrucksHAWw 
and Roperrson (1949) for the tholeiite dykes in northern England and 
by CHAPMAN and BarTELs (1940, p. 156) for the Pilansberg dyke system 
in South Africa. These proposals, however, were made before N&EL’s 
explanations had been published. 

The various explanations of the observed reverse magnetization of 
lava flows and other igneous rocks can therefore be listed as follows. N I 
comprises all explanations which consider reverse magnetization as due 
to an inherent property of certain self-reversing ore minerals. N III 
explains reverse magnetization as due to the interaction between two 
different ferromagnetic substances with different Curie points. N II and 
N IV account for reverse magnetization, both of igneous rocks and of 
sediments, by a combination of later selective chemical changes with 
imperfect results of the mechanisms N I and N III respectively. The 
above explanations are thought to be able to produce reverse magneti- 
zation in a normal field, and have in fact been advocated as an adequate 
explanation of the reverse magnetization found in Iceland (HospERs 1951) 
by other authors (NbEL 1952, GRAHAM 1952). The fifth possible explanation 
is that by a repeatedly reversing field. 

b. The field evidence. — The observed fact that N and R specimens do 
not occur in a random succession but occur in zones, that zones of N and 
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R magnetization alternate so that R zones may occur below N zones, 
and that these zones seem to be associated with definite stratigraphic 
levels is difficult to reconcile with the idea that chemical action is responsi- 
ble for the R magnetization (as proposed in N II and N IV). One would 
expect these chemical changes to depend on age and depth of burial and 
therefore not to find N zones below R zones, and one would expect a 
much more random distribution of N and R specimens, than that observed. 
These observations speak very strongly against N II and N IV, and in 
fact practically eliminate them. If R magnetization were due to the 
presence of a selfreversing mineral (N I), alone or in combination with 
more normal ore-minerals, one would hardly expect it to manifest itself 
in a small number of zones in an otherwise very uniform series of lava 
flows as is actually observed. Similarly, if R magnetization were due to 
interaction between two different minerals (N III) one would expect a 
more random distribution than is observed. Moreover, it seems strange 
that all these mechanisms (N I —IV) should produce an approximately 
equal number of N and R specimens, as is observed in the Early Quater- 
nary-Tertiary sections. 

The striking similarities between comparable series of N and R lava 
flows also have a direct bearing on the origin of the reverse magnetization. 
The intensity of the natural permanent magnetization of Tertiary R and 
N specimens are compared in Table IX and their histograms shown in 
fig. 8(a). Comparison of the two histograms in fig. 8(a) and of the mean 


TABLE IX 
: : | Number of Mean intensity 
Group of specimens | pperauene ayes 
Tertiary R- 6 oe ee ee | 35 | 4.27 x 10-4 
Re Cee eee 40 |.~ 3.02;~K10-* 


NUMBER OF 
SPECIMENS 
12 


|R TERTIARY R TERTIARY 


16 3 
x 10-9 GAUSS 


4 
x07 


N TERTIARY N TERTIARY 


12 16 
x IOGAUSS 


Fig. 8. Comparison of Tertiary lava flows with normal and reverse natural 
permanent magnetization. a. Intensities of natural permanent magnetization 
(in gauss); b. Volume susceptibilities. 
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intensities shows that there is no obvious difference in the intensities of 
permanent magnetization. In Table X the volume susceptibilities of the 
N and R specimens of Tertiary age are compared and the corresponding 
histograms shown in fig. 8(b). Again there is no significant difference 
between these two groups. 


TABLE X 
E Wumber of ie Mean 
Son specimens susceptibility 
aWsiguthay I Ge bo Go 6 op Ame Oo oes 32 L443 10+ 
Tertiary N 37 Lissa ln: 


The nearly perfect agreement between corresponding N and R series 
of flows in intensity of permanent magnetization and susceptibility is 
difficult to reconcile with any of the explanations N I—IV of the R mag- 
netization. Chemical changes involving removal or replacement of part 
of the magnetic minerals must result in changes in susceptibility, as well 
as in the intensity; the observations therefore contradict an obvious 
inference from mechanisms N II and N IV. Similarly, if the R magneti- 
zation were due to the presence of larger absolute or relative quantities 
of a self-reversing mineral (N I) or a different proportion of the two sub- 
stances with different Curie points involved in N III, one would again 
expect systematic differences in susceptibility and intensity and parti- 
cularly in the latter. The agreement between comparable N and R series 
of lava flows therefore suggests strongly that we are dealing with series 
of flows similar in all respects, except in that they cooled in fields of 
opposite directions (but of comparable strength). 

For the sake of completeness it may be added that the mean direction 
of magnetization of the reversely magnetized groups of lava flows always 
agrees better with the dipole field than with the present field, as is shown 
in Table XI. This, of course, is to be expected. If the permanent magneti- 
zation were unstable, only normal magnetization would be found. 


TABLE XI 


Angle of mean direction of 
magnetization with 


| dipole field 


Group 
present field 


R. Early Quaternary, W. Iceland... . 180 — 6.3° 180:—  1.6° 
Wnt, ANGianbiay, MVE Ueelerael 5 5 5 5 oo 6 6 180 — 16.0° 180 — 13.6° 
R. Tertiary, N. Iceland (including some 
BOCIUACILUS Mania eet fen skacs aoe caer mre 180 — 16.0° 180 — 11.3° 
ce. Laboratory experiments. — Pure magnetite has a ferromagnetic 


Curie point of approximately 580°C; when heated above this temperature 
practically all igneous rocks lose their ferromagnetic properties which 
includes the permanent magnetization. A number of specimens, shown in 
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Table XII, were heated in a non-magnetic oven in a nitrogen atmosphere 
to approximately 650° C and were subsequently allowed to cool in the 
earth’s field. Without exception they acquired a permanent magnetization 
in the direction of the external field. Taking the direction of the horizontal 
component of the geomagnetic field as the direction of reference, the 
external field has a declination of 0° and an inclination of + 67.0°. The 


TABLE XI 
Natural permanent 
Group of specimens magnetization 
Normal Reverse 
Early Quaternary lava flows ...... 5 specimens | 10 specimens 
partiary IAVve lows < 4 < 4 ao. © a) wo ws iil ie 3) Fe 
Dipkocewee eee es st es ee te ; 1 a 


mean direction of the newly acquired magnetization of the 30 specimens 
has a declination of 0.1° and an inclination of + 66.4°. The average dif- 
ference in direction between the external field and the new magnetization 
of each specimen is 3.7°. The new directions (those of the articifial thermo- 
remanent magnetization) are the same as that of the external field within 
the limits of experimental accuracy. The average intensity of permanent 
magnetization before the experiment (natural magnetization) was 
3.40 x 10-3 gauss, after the experiment (cooling in a field of 0.47 gauss) 
7.96 x 10-3 gauss; the intensity therefore increases by a factor 2.3. This 
increase is of the same order for R and N and for Early Quaternary and 
Tertiary specimens. The change in the intensity of the artificial thermo- 
remanent magnetization of 10 specimens (comprising both N and R 
specimens) over a period of 8 months was less than 1 %, well within the 
limits of experimental accuracy. This experiment shows that an intensity 
of permanent magnetization of the required order of magnitude can be 
acquired on cooling in the present geomagnetic field and is the most 
convincing evidence in favour of the thermo remanent origin of the 
natural permanent magnetization. 

A similar experiment was carried out on specimens of historic Hekla 
lavas. The intensity of permanent natural magnetization was divided 
into the intensity of permanent magnetization acquired by the specimen 
when cooling in the present field of 0.47 gauss from 700°C to room 
temperature; this ratio is the one shown in Table XIII. The ratio of the 
present total forces of the geomagnetic fields in the laboratory (0.47 gauss) 
and Iceland (0.51 gauss, Vestine et al., 1947) is 0.92, in very good agree- 
ment with the above ratio. This confirms the conclusion that the natural 
permanent magnetization is of thermo-remanent origin. 

The experiments also show that the new magnetization is invariably 
in the direction of the field. This suggests that mechanisms N I and N III 
are not responsible for the reverse magnetization. The experiment, how- 
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TABLE XIIT 
D f Ratio of the intensities of artificial 
itso Specimen No and natural thermo-remanent 
lava flow : the: 
magnetization 
1947-8 631 0.93 
632 0.83 
1913 6498 0.92 
6538 0.91 
Mean: 0.90 


ever, is not conclusive, as it is not impossible that the reheating causes 
chemical or physical changes in the rock. 

NaGata’s experiments (Nagata 1952) on a sample of impure magnetite 
from a dacite pumice of Mt. Haruna, Japan, have already been mentioned. 
He showed that this sample can acquire a permanent magnetization in a 
direction opposite to the field in which it cools. These experiments have 
been repeated by the present author on a sample of the natural rock. The 
specimen is heated to a temperature of approx. 700° C and subsequently 
allowed to cool. During the cooling the geomagnetic field is cancelled by 
means of Helmholtz coils, except over a temperature range of 50° C. This 
is done for the temperature ranges 700—650°, 650—600° C, etc. The acquired 
permanent magnetization is measured after the specimen has reached 
room temperature and is commonly called partial thermo-remanent 
magnetization. The results are shown in fig. 9; the field strength used for 


NORMAL 


x10~3] gauss 


REVERSE 


Fig. 9. Diagram of the partial thermo-remanent magnetization acquired by a 

specimen of dacite pumice from Mt. Haruna, Japan. ‘“‘Normal’” denotes that the 

magnetization is in the direction of the external field, “‘Reverse” that it is in the 
opposite direction. 
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these experiments was 2 gauss. It will be seen that for the higher tempera- 
ture intervals the magnetization is in the direction of the external field, 
for the lower ones in the opposite direction and for the very lowest again 
in the same direction as the field. This diagram is practically identical 
with that published by Naaara (1952) and that for 0.5 gauss published 
by Nacara, Akrmoro and Uyepa (1952). The same experiment using a 
field of 0.47 gauss has been carried out on Icelandic specimens with 
reverse natural magnetization. Some results are shown in fig. 10. The 
diagrams are essentially different from that shown in fig. 9, as no mag- 
netization in a direction opposite to the external field is found. Even 
though the exact mechanism of Nagara’s results is still obscure, these 
results show that the reverse magnetization cannot be explained by simply 
referring to NAGATA’s experiments. 

The diagrams in fig. 10 show two humps, which suggest the presence 
of two different ferromagnetic substances, one with a Curie point of about 
600° C, the other with a Curie point of about 300-350° C. 


SPECIMEN No.9. 


SPECIMEN No398. 


Fig. 10. Diagram of the partial thermo-remanent magnetization acquired by 

Icelandic specimens of Tertiary plateau basalt with reverse natural permanent 

magnetization. For easier comparison the intensities are expressed in per cents of 

the sum. This sum is for specimen 9: 13.2 x 10-% gauss and for specimen 398: 

5.6 x 10-% gauss. The partial thermo-remanent magnetization is in the direction 
of the field for all temperature intervals. 


All experiments just described are suggestive, but not conclusive, as 
they are open to the objection that the repeated reheating may change 
the physical and chemical nature of the extremely complex ore minerals 
which are the carriers of the permanent magnetization, so that the 
laboratory experiments are performed on specimens which are not identical 
with the cooling natural rock. This objection does not apply when the 
specimen is heated (to 700° C in about 15 minutes) and the loss of the 
natural permanent magnetization with temperature studied. A first 
experiment was carried out on the specimen of dacite pumice from Mt. 
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Haruna. The specimen was first reversely magnetized by heating and 
cooling in the earth’s field. If this reverse magnetization were due to 
mechanism N III, it must be assumed that the reverse magnetization 
acquired at lower temperatures exceeds the normal magnetization acquired 
at higher temperatures. If the reverse magnetization is due to the presence 
of a self-reversing mineral (mechanism N I), this reverse magnetization 
must be acquired at the lower temperatures, as fig. 9 shows that at the 
higher temperatures normal magnetization is acquired by what seems 
to be a different ferromagnetic substance. In both cases it is to be expected 
that on reheating the reverse magnetization will disappear first and 
uncover the normal magnetization. This is exactly what is observed when 
the sample of pumice is reheated. Fig. 11 shows its loss of permanent 
magnetization with rising temperature. The permanent magnetization 
decreases to zero, reaches about one-third of the original intensity of 
magnetization in the opposite direction and then gradually decreases 
until it disappears at approx. 590° C. The same experiment was performed 


XIO 2causs 


SPECIMEN 
No.148 


800 °C 


SPECIMEN 
No.I5] 


REVERSE 


SPECIMEN 
No.258 


x 10 “Gauss 
NORMAL 


Fig. 11 Fig. 12 
Fig. 11. Loss of permanent (reverse) magnetization with rising temperature as 
observed on a specimen of dacite pumice from Mt. Haruna, Japan. The direction of 
the magnetization reverses at about 130° C and becomes normal, i.e., in the 
direction of the field in which it originally acquired its reverse magnetization. 
Fig. 12. Loss of natural permanent magnetization with rising temperature as 
observed on three Icelandic specimens of Early Quaternary age. The permanent 
magnetization does not change in direction during heating. 
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on three Icelandic specimens with natural reverse magnetization and all 
of Early Quaternary age. Fig. 12 shows that there is no reversal in the 
direction of the magnetization as the specimen is heated but that the 
natural magnetization is in the same direction throughout the entire 
temperature range. This appears to the present author as conclusive 
evidence that mechanism N III cannot account for the reverse magnetiza- 
tion of the Icelandic rocks. It also rules out the possible presence of a self- 
reversing mineral of comparatively low Curie point combined with an 
ordinary ferromagnetic mineral of high Curie point, but it does not 
exclude the possibility of only one self-reversing mineral being present. 
In order to investigate this, the loss of natural permanent magnetization 
with rising temperature (a temperature of 700° C is reached in about 15 
minutes) and immediately following the acquisition of artificial permanent 
magnetization in the earth’s field with falling temperature (the tempera- 
ture falls from 700° to below 200° C in about 15 minutes) were observed. 
The results are shown in fig. 13. The heating curve represents the loss of 


*.. COOLING 
~e 


(e) 200 400 


SPECIMEN No.I5I 


X |O3 Gauss 


HEATING 


“> 


COOLING~ > 
200. 400” 600 


SPECIMEN No, 18 


Fig. 13. Loss of natural permanent magnetization (normal for specimen 18 and 

reverse for specimen 151) with rising temperature and acquisition of artificial 

thermo-remanent magnetization with falling temperature and in the earth’s 

magnetic field. The artificial thermo-remanence is in both cases in the direction of 
the external field. 


natural permanent magnetization with increasing temperature, the 
cooling curve the acquisition of artificial thermo-remanent magnetization 
with falling temperature in the earth’s field. The upper figure relates to a 
specimen (No. 151 of Early Quaternary age) with natural reverse magneti- 
zation, the lower one to a specimen (No. 18 of Tertiary age) with natural 
normal magnetization. The artificial thermo-remanence for both specimens 
is in the same direction as the external field. Fig. 13 shows the close agree- 
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ment in the general appearance of the heating and cooling curves. The 
close agreement in the actual intensities is accidental, as only the vertical 
component of the natural magnetization is measured and appears to be 
nearly the same in intensity as the artificial thermo-remanent magnetiza- 
tion acquired in the vertical component of the geomagnetic field at 
Cambridge; on the average the former total magnetization is about one 
half of the latter total magnetization. However, the close agreement in 
appearance of heating and cooling curves is a very strong indication that 
no self-reversing mineral is present in specimen 151, but that it acquired 
its natural magnetization in a reversed field, in the same way as it now 
acquires artificial thermo-remanent magnetization in the laboratory. 


d. Sediments. — As to the reversely magnetized sediments, it will be 
clear that local causes are most unlikely to be responsible for their mag- 
netization. Deposition of these sediments in magnetic fields which have 
been reversed due to the underlying reversely magnetized lava flows 
cannot account for this magnetization either, as the R sediments rest on 
normally magnetized flows. They can therefore only be explained by 
mechanism N JI, mechanism N IV or by the assumption of a reversed 
field. 

In Table XIV the mean intensities of permanent magnetization of N 
and R sediments from the Pliocene of Tj6rnes are compared. FISHER’s ¢ 


TABLE XIV 
; | Number of Mean intensity 
Group sediments | - : 
specimens in gauss 


Normally magnetized: ........ ~~. | 8 1.43% 10 
Reversely magnetized. . | 5 | 5.09 x 10-5 


test has been used to investigate the significance of the difference of these 
means; n = 11, t= 0.73 and P = 0.5, so the difference of the means is 
not significant (FISHER 1950). This result speaks against chemical action 
as the cause of reverse magnetization in sediments as this might be 
expected to produce significant differences in the intensity of mag- 
netization. 


e. — Probable origin of the reverse natural magnetization. — In con- 
clusion it may be said that the regularities in the horizontal and vertical 
distribution of reverse magnetization in the lava flows practically exclude 
the possibility of later chemical or physical changes (mechanisms N II 
and IV) being responsible for this reverse magnetization. On the other 
hand, the presence of reversely magnetized sediments can only be accounted 
for by these chemical or physical changes. The laboratory experiments 
show that mechanism N III is definitely not responsible for the reverse 
magnetization of the lava flows and that mechanism N IV is most unlikely 
to be so, It therefore appears that only the assumption of a repeatedly 
reversing magnetic field can satisfactorily account for the observations, 
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an assumption which is confirmed by the striking similarities between 
N and R magnetization. It therefore is suggested that the Icelandic lava 
flows and sediments have preserved a record of a repeatedly reversing 
magnetic field. However, the writer wishes to state that he does not, at 
this stage, entirely exclude the possibility of a different explanation, not 
requiring repeated reversals of the magnetic field, being able to account 
for the observations. Future work on the application of the theory of 
ferrimagnetism to ore minerals may conceivably provide a satisfactory 
explanation of the observations without the assumption of reversals of 
the magnetic field. 


(to be continued) 


PHYSICAL CHEMISTRY 


PSEUDOMORPHISM IN THE IRON SYNTHETIC AMMONIA 
CATALYST 


BY 


R. WESTRIK anp P. ZWIETERING 


(Communicated by Prof. J. H. pe Borer at the meeting of September 26, 1953) 


From all the work, done on the development of technical catalysts 
it has become clear that the method followed in preparing the catalyst 
has a great influence on the catalytic properties. It is clear that in most 
instances one has to choose a method of preparation which yields a 
porous catalyst so as to give a great contact surface between the catalyst 
and the gaseous reaction mixture. 

The overall activity of the catalyst, however, is not only determined 
by the surface area, but to an equal extent by the specific activity of 
the catalytic surface. 

Now in many instances a remarkable influence of the method of pre- 
paration on this specific activity is observed, the reasons for this effect 
being often unclear, however. 

A striking example of this phenomenon can be found in the synthesis 
of ammonia from hydrogen and nitrogen, where a catalyst is used, the 
active component of which consists of alpha-iron. Already during the 
first development work on this catalyst, the observation was made that 
an active catalyst could be prepared only by reduction of well-crystallized 
magnetite (Fe,0,) obtained either from natural magnetite crystals or by 
a melting procedure from an adequate mixture of iron oxides [1]. 

Pure iron prepared by reduction of magnetite is an active catalyst, 
but due to the insufficient thermostability, useless for technical purposes. 
To improve the thermostability small quantities of non-reducible oxides, 
such as Al,O; are added to the mixture of iron oxides during the melting 
procedure. 

The main effect of the addition of Al,O, is the retardation of the growth 
of the iron crystallites after the reduction [2], or in other words the 
decrease of the rate of sintering of the catalyst, which obviously has an 
unfavourable effect on the catalytic activity. 

It will be clear that the stabilising effect of the alumina will depend 
highly on the good dispersion of this oxide in the iron phase, which 
means again that the alumina has to be dispersed very well in the oxide 
phase before the reduction. 

One of the advantages of the magnetite as starting material is its 
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spinel structure wherein, as is known, the Fe-ions can easily be displaced 
by other metal ions without distortion of the structure, if special conditions 
as to the valency and the dimensions of these ions are fullfilled. 

Alumina forms such a solid solution with magnetite [3, 4] which leads 
to a very good dispersion over the iron crystallites after the reduction. 

Another advantage of the method of preparation via magnetite is 
that it yields a catalyst with sufficient mechanical strength, whereas the 
semiconducting properties of the magnetite have many advantages for 
the electrical melting procedure. 

All these advantages of this preparation method, so far described, 
give an explanation of the favourable influence on the lifetime of the 
catalyst, but do not account for the observation that there is also a remark- 
able influence on the specific activity of these catalysts as compared 
with iron catalysts prepared in a different way. 

In order to give a contribution to the solution of this problem, we 
have performed an experimental investigation, in which use was made 
of the methods, developed by BruNAavER and Emmett [5, 6] for the 
investigation of the surface structure of iron catalysts by measuring the 
chemisorption of CO at low temperatures and of the normal BET-method 
for the determination of the total surface area [7], while also X-ray 
methods were used, especially for orientation studies. 


Experimental 


A sample of pure magnetite (25 g), prepared by melting a mixture 
of iron oxides and crushed to particles of 1,0-2.8 mm, was carefully 
reduced with pure hydrogen at a temperature of 225° C. This reduction 
proceeded very slowly and took about 2000 hours. Hereafter followed 


Va (HPT) 


—» Pi(cm Hg) 
0 10 20 30 


Fig. 1. Adsorption of CO on active iron at 90,4° K. I. Total adsorption. 
II. Physical adsorption after evacuating during 1-2 hours at —78° C. 
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several short reductions at higher temperatures with very pure hydrogen, 
purified by diffusion through nickel according to the method, described 
by SnogK and Hass [8]. After each of these reduction periods the sample 
was evacuated for 15 hours at the reduction temperature. The chemi- 
sorption of CO was determined from the difference between the total 
adsorption and the physical adsorption at 90,4° K. (fig. 1). The surface 
area was determined from the physical adsorption isotherm of nitrogen 
at 77,3° K. The BET-plots of these isotherms proved to be straight 
lines from which the monolayer volumes could be calculated. From 
these values the surface areas were obtained by taking 16,2 A? for the 
area of one adsorbed N, molecule. 

X-ray investigations were performed on natural single crystals 
(octahedrons, see fig. 2a) and on synthetic plate-shaped single crystals 
of magnetite 1). 

After establishing the orientation of the plates by means of Laue- 
photographs the samples were carefully reduced, the weight loss being 
followed with a torsion balance. 

As the iron resulting from the reduction is pyrophoric, the samples 
were passivated during 16 hours at room temperature [9] in a stream 
of hydrogen containing about 0,1 % Og. 

After this treatment X-ray photographs of the samples were obtained 
by using the reflection method at glancing incidence (Mok, radiation). 


Results and discussion 


The results of the adsorption measurements are given in tables I 
and II. 


TABLE I 
Surface area and CO-chemisorption (ce NPT/g iron) after reduction at 300° C 
cere - = Se 
Reduction IU BOIAYCE eO Area | Noo}em? 
ne tie volume chemisorbed m?/g | x 1015 
co Nile ce/g | 
40 0,68 0,80° 2,96 0,73 
88 0,61 0,73 2,66 0,74 
128 0,57 0,67° 48 0,73 


From the values measured for the chemisorbed amount of CO and the 
surface areas, the data for the number of CO molecules adsorbed per 
em? (No) given in the last column of table I and IL were calculated. 

It appeared, that for the samples treated at 300° C, this number was 
constant, while a slow decrease of the surface area was observed. At 
higher temperatures the rate of sintering proved to be much higher, 
now accompanied with a decrease of ng. 


*) We wish to thank Dr Wrsn of the Physical Research Laboratory, N.V. 


Philips, Eindhoven Holland, for preparing these single crystals. 


R. WESTRIK ann P. ZWIETERING: Pseudomorphism in the iron 


synthetic ammonia catalyst. 


a b 


Fig. 2. Single crystal of magnetite before (a) and after (b) reduction 
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TABLE II 


Surface area and CO-chemisorption after further treatment with hydrogen at 
temperatures of 350 and 400° C 


Temperature | Time eioseiayer oN Area Noo Jem? 
°C decane volume | chemisorbed | s 18 
-N m2/g x 10 
| | ec N,/g ce/g 
OC 
350 40 0,48 0,47 2,10 0,65 
84 0,39 | 0,38° 1,70 0,61 
400 40 0,195 0,158 0,85 0,48 
105 | 0,185 | 0,145 0,80 0,48 


From the lattice constant of the body-centered cubic alpha-iron, the 
number of iron atoms per cm? of surface can easily be calculated for the 
three simple faces: 


Wi a LOY 
ign el LOY 
My, = 0,71 x 10% 


From the strong chemisorptive bond between the ‘CO-molecules and 
the iron surface, we are inclined to assume that each iron atom will 
tend to adsorb one CO-molecule, localised on top of the iron atom. From 
simple geometric considerations, however, it can be concluded that due 
to the dimensions of the CO-molecule only on the 111-faces this one-to- 
one binding is possible, whereas on the 100 and 110 a maximum coverage 
of 1/, and 1/,; resp. (expressed as Ng /Ny,) can be expected. 

The experimental values of nm, for the samples reduced at 300° C 
lie very close to the calculated value for the 111-faces. At higher tempera- 
tures, where sintering occurs, more closely packed faces seem to be formed, 
at the cost of the original 111-faces. 

In corresponding experiments on the chemisorption of CO on un- 
promoted iron catalysts BRUNAUER and Emmett [6, 5] found the relation: 


Making use of a value of 13,7 A? for the area of the physical adsorbed 
nitrogen molecule, they concluded that the surface of the iron phase 
should expose a variety of developed faces. If, however, the more reliable 
figure of 16,2 A® [10] is used, it follows from their experimental relation 


that 
Nog == 0,18 < 10% 


which is in close agreement with our results. 

The experimental results described so far justify the conclusion that 
the surface of the porous iron phase, prepared by careful reduction of 
magnetite, almost entirely consists of 111-planes. It is clear that here 
an influence must be sought in the method of preparation, as «-Fe normally 
shows no preference to be bounded by 111-planes. 

32 Series B 
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The X-ray study was performed to obtain a better understanding of 
this phenomenon. The Laue photographs showed that the magnetite 
plates used were real single crystals and furthermore that the orientation 
of these was such that the 111-face was parallel to the surface, just the 
same as for the natural single crystals (octahedrons). 

It proved that, after reduction, the dimensions and the external form 
of the original magnetite crystal, were unchanged, only some cracks 
appeared (figure 2). This is a case of pseudomorphism, a phenomenon well- 
known in mineralogy. The occurence of pseudomorphism here is striking 
however. Magnetite has a spinel structure and this structure can be 
considered as an approximately cubic closest packing of O-ions in which 
certain interstices are occupied by metal ions. Although at reduction, 
the relative big O-ions are taken away, the dimensions and the form 
remain unchanged. 

The X-ray photographs of the reduced crystals taken at glancing 
incidence showed discontinuous Debije Scherrer haloes. This indicates 
that the iron crystallites exhibit a preferred orientation. It followed 
from the positions of the maxima that the 111-planes of «-Fe are parallel 
to the surface and consequently parallel to the 111-planes of the original 
magnetite. This orientation shows that the formation of the Fe-crystallites 
is strongly influenced by the arrangement of the iron atoms in the original 
magnetite structure. At this point the importance of the method of 
preparation is clearly seen. 

The adsorption study resulted in the establishment of the fact that 
after reduction of magnetite the «-Fe phase formed almost entirely exposes 
111-planes on its surface. The observed pseudomorphism and the attending 
orientation now gives a probable explanation of this phenomenon. 

The work of Brrcxk et al. [11], who studied the structure and the 
catalytic activity (judged by ethylene hydrogenation) of several evaporated 
metal films, showed that the most active iron films were so orientated 
that the 111-planes were parallel to the surface. So it is clear that the 
preparation of «-Fe via the magnetite phase effects that the most active 
faces are exposed on the surface of the catalyst. 

It would be highly interesting to extend this investigation also to 
promoted catalysts. However, the addition of non-reducible oxides to 
the molten magnetite gives rise to a strong accumulation of these promoters 
on the surface of the reduced catalyst [5]. Therefore the experimental 
methods used here to elucidate the surface structure are restricted to 
unpromoted samples. It is not improbable, however, that the promoters 
used stabilize not only the dimensions of the iron crystallites but also 
the unstable octahedron faces, primarily developed on the surface during 
the reduction. 

Central Laboratory of 
the Netherlands State Mines. 
Geleen (L.), September 1953. 
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THERMOCELLS WITH SOLID AND FUSED ELECTROLYTE?) 


BY 


HANS HOLTAN JR?) 
(Institute for Theoretical Physics, Utrecht, Netherlands) 


(Communicated by Prof. J. M. Bisvort, at the meeting of September 26, 1953) 


Abstract 

The part of the thermopotential containing only thermostatic functions 
and transference numbers [1, 2] has been calculated for a number of 
thermocells with solid electrolyte and compared with experimental 
results. It is remarkable that the calculated values agree with the 
experimental ones within the limits of error in most cases, which means 
that the part of the thermopotential containing entropies of transfer 
is negligible in these cells. 

The conventional transference numbers for solid salts are not always 
identical with the transference numbers as defined in the thermodynamical 
theory of irreversible processes. This fact has been taken into account. 


$1. Introduction 


As has been shown [1, 2] the thermopotential of a thermocell with 
identical electrodes where concentration gradients are hindered is given by 


(1) FAg/AT = — 2, (belz) See Sy + (tel) S, +Sa, 


where F is Faraday’s number, Ap/AT' the measured thermopotential per 
degree temperature difference between the electrodes, ¢, and z, are the 
transference number and charge of substance k respectively, S* the molar 
entropy of transfer of substance k in the electrolytic phase and S,, the 
molar entropy of transfer of the electrons in the metallic phase of the 
thermocell, AS the change of entropy in the heterogeneous electrode 
reaction when 1 F of electricity passes the interface, S, and S,, the 
molar entropy of transfer of component k and of the electrons respectively. 

Written in this form the formula consists of two parts. The first part 


n 


(2) — Dd (tel%) SE 


k=1 


) Abstracted from the author’s thesis, presented to the Utrecht University, 
April, 1953. 
*) Present address: Det Norske Zinkkompani A/S, Eitrheim pr. Odda, Norway. 
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consists essentially of entropies of transfer, while the second part 


(3) F (Ag/AT) 4 = — AS + 2 (tel2x) S, + 8a, 


consists of known quantities (entropies and transference numbers). 
For the sake of convenience this part has been called the thermostatic 
part, even if it contains the transference numbers which are kinetic 
quantities. 

This part can be calculated and compared with the experimental 
results. The results of a number of such calculations will be given in 
the following and it will be shown that for thermocells with solid electrolyte 
the first part is in most cases of negligible magnitude. 


$2. The cell Pb; PbCly ; Pb 
i Ts 


This cell has been investigated experimentally by ReryHoup [3]. 
During the experiments 7, was kept constant at 327° C whereas 7’, was 
varied. For the comparison with the experiments we calculate (Ay/AT'),, 
at 327° C. 

As lead chloride is a pure anion conductor [4] (the transference number 
of the anion equals unity), equation (1) for the thermopotential reads 
in this case 


(4) Ragatin Ae dS = 8, 85. 


Since in this case, — AS for the heterogeneous electrode reaction when 
one Faraday of electricity has passed through the cell, equals 


(5) — AS = 48p, — 3 Spp++ — Sa, 
equation (3) for the thermostatic part reads in this case 
(6) F (Ag/AT) 4, = Spp/2 — Spva,/2. 


The only data we need for the calculation of (Ag/AT),, at 327° C 
are the absolute entropies of lead and of lead chloride at this temperature. 
The tabulated entropy values are usually given for the standard state, 
i.e. at 25° C and at a pressure of one atmosphere. The molar entropy 
S,, at a temperature 7’, is calculated from the molar entropy S° in the 
standard state in the following way: 

(7) , Sp=S? + f (C/T) at, 
where C,, is the molar heat capacity. 

The standard state molar entropy of lead has been determined by 
Means, ForsytHe and GiauqueE [5]. 

They gave the following value: 


(8) S%,, = 15.51 cal mol-! degree“?. 
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The following value for the molar heat capacity of lead has been given 
by Kettiy [6]: 

(9) C,.p» = 5.77 + 2,02 10-* T cal mol~* degree™, 

where J is the absolute temperature. 


For the molar standard state entropy and the molar heat capacity 
of lead chloride, Ketiy [6, 7] gives the following values: 


(10) SPoci, = 32.6 + 0.6 cal mol~? degree™?, 
and 
(LD) Cy, ppc, = 15.88 + 8.35 10-3 T (+ 2°/,) cal mol~* degree~*. 


THE CELL Pb; PbCl. ; Pb 80 
us) ap} 
© REINHOLD'S EXPERIMENTAL RESULTS 
— CALCULATED ANGULAR COEFFICIENT 60 
AT 327°C 


POTENTIAL mV. 


Fig. 1 


By means of equations (6) and (7) and the data (8)-(11) we find for 
the thermostatic part of the thermopotential 


(12) (Ag/AT).t, 32790 = — 0.58, mV degree}. 


We have calculated the thermostatic part of the thermopotential 
at 327° C. This temperature is also the melting point of lead. The following 
value for the molar heat of fusion is given by Krniy [6]: 


(13) Qpp = 1.22, keal mol. 


If we also take the entropy of fusion into account, we find for the 
thermostatic part of the thermopotential 


(14) (Ap/AT) st, s27°0 = — 0.54, mV degree=}, 


— 
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The negative sign of the potential in equations (12) and (14) corresponds 
to a direction of the positive current in the electrolyte from higher to 
lower temperature, i.e. the colder electrode should be the positive pole. 
This is also in agreement with experimental results. In figure 1 RErINHOLD’s 
experimental results have been plotted and the calculated tangents have 
been drawn. For the tangent approaching the origin from lower values 
we have used the value (12), while for the tangent approaching the origin 
from higher values we have used the value (14). 

We see from figure 1 that the calculated values agree very well with 
the experimental values. This means that the first part of equation (4) 
(S=- — S*) is of negligible magnitude. 


§3. The equation for the thermopotential in cells with solid metal 
electrodes and cation-conducting electrolyte 
When the electrolyte is a pure cation conductor, equation (1) reads 
(15) F Ag/AT = — (Se /2-) — 8a — AS + (S,/%) + Sa, 


where the subscript ¢ refers to the cation. 
The thermostatic part is therefore given by 


(16) F (Ag/AT) 4, = — AS + 8,/z, + Sa. 
As an example we may consider the cell 
(17) Me, ; MeX,) > Mew, 
£ DAT 
where MeX.,. represents a solid 1—1 cation-conducting electrolyte. 

The electrode reaction is 

(18) Me -> Met + el. 

For — AS we therefore have 

(19) —AS = Su, — Out — S,. 

If we use the expression (19), equation (15) reads: 

(20) F Ag/AT = — Sy.+ — S& + Sue; 

and for the thermostatic part of the thermopotential we therefore obtain 
the following simple expression 

(21) F (Ap|AT) 4, = Sue - 

If we calculate the value of (Ap/AT'),, for thermocells with solid 
cation-conducting electrolyte using equation (21) and compare the results 
with the thermopotentials determined experimentally, we do not find 
that the calculated and the experimental value coincide as we found for 


the thermocell already discussed (with anion-conducting electrolyte). Even 
the sign will not be the same for the calculated thermostatic value and the 
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experimental value. Before we draw any conclusions from this fact as 
to the magnitude of the first part of equation (20) (—S}j.+ — 8%), we 
should consider the system somewhat more in detail. Such a discussion 
was performed by the author in his thesis [1], and it turned out that 
the conventional transference numbers for solid salts as determined for 
instance by the TUBANDT method [4] do not always coincide with the 
transference numbers as defined in the thermodynamics of irreversible 
processes. The reason is that we chose [1] the velocity of the positive 
ions in the metallic part of the thermocell as the reference velocity, and 
this velocity is zero when referred to a fixed point in the laboratory. 
The transference number of a component & then refers to the part of 
the electricity which is carried by component k relative to such a fixed 
point of the laboratory, whereas in the conventional method changes of 
weight of salt cylinders are determined. 

It is easily seen by considering what happens when current is passed 
through a cell that the cations cannot move relative to a fixed point 
of the laboratory when electrodes and salt are solid substances. 

Therefore in these cells the transference number for the anion, as we 
have defined it, always equals unity. 

The correct expression for the thermopotential therefore follows from 
equation (1) when we introduce f- = L: 


(22) F Ag/AT = — S3/z, — Si — AS + S8,/2, + Sa. 
The thermostatic part of this equation reads 
(23) PF (Ap/AT) = —AS + 83/2 + Sa- 


It should be stressed that equations (22) and (23) are only generally 
valid when electrodes and salt are solid substances. If the electrodes 
are fused (22) and (23) are not valid unless the conventional transference 
number for the anion equals unity. 


§4. The cell Ag; AgCl, ; Ag 
- Ty T. 


This system has been investigated by REINHOLD [3] and by the author 
[1, 8]. During the experiments 7, was kept constant at 350° C, whereas 
7’, was varied. The conventional transference number for the silver ion 
in silver chloride equals one. For this cell equation (23) reads 


(24) (Ag/AT). = (Sag — Saea)/F 
and the calculations yield the result *) 
(25) (Aq/AT)s¢, ss000 = — 0.80 mV degree}. 
The minus sign in (25) indicates that the cold electrode is the positive 


1) For details see reference [1]. 
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pole. This is in agreement with the experimental results; they are given 
in figure 2. We see that the calculated value (25) agrees quantitatively 
with the experimental results. 
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Equation (24) may be integrated 
T, T2 
(26) (Po — Padst = J Sac dT |F — J Saco dT |F. 


By means of (26) we can plot the integral potential difference (g—?,),, 
as a function of 7, using T = 350° C as the origin, and the crosses in 
figure 2 represent these values. 

It is seen that the values calculated for the thermostatic part agree 
well with the experimental results, which means that the part containing 
the entropies of transfer is negligible. 

From the experimental results we see that at the melting point of 
silver chloride there is a break in the curve. Comparison of calculated 
values of the thermostatic part with experimental values should only be 
made up to this point as our basic equations (22) and (23) are only valid 
when salt and electrodes are solid substances. The calculations were 
therefore only performed up to 450° C. We also see that the thermopotential 
plotted as a function of the varying electrode temperature nearly follows 
a straight line. The reason why the values calculated for the thermostatic 
part also show such an approximately linear behaviour resides in the 
fact that the variation of the difference S,, —S,,q is small within the 
temperature interval considered. 


504 


For the region above the melting point the thermopotential is given 
by equation (1) when the conventional transference numbers are inserted. 
For the present cell it reads 


(27) F (Ap/AT) = ta-S&- — tagt Sket — SG + Sag — tar Sacoun - 
For the thermostatic part of equation (27) we have 
(28) F (Ag/AT) 4, = Sag — ta- Sacaw - 


The entropy of fused silver chloride is somewhat larger than that 
of solid silver chloride, but ¢,,- is certainly considerably less than unity 
in fused silver chloride. We shall therefore expect to obtain smaller 
values for the thermostatic part of the thermopotential when the silver 
chloride is fused than when it is solid. This is also what is found experi- 
mentally as is seen from figure 2. However, no quantitative calculations 
can be made since transference numbers in pure fused salts are not known, 
and therefore no conclusions can be drawn as to whether the first part 
of equation (27) is negligible or not. 
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In figure 3 and 4 are shown similar results for two other thermocells 
with conventional transference number equal to unity for the cation. 


$5. Thermocells with fused electrodes and solid electrolyte 


For thermocells with fused electrodes, we expect the general thermocell 
equation (1) to be valid when the conventional transference numbers 
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are inserted. In the preceding sections we have seen that experimental 
results as well as values calculated for the thermostatic part of the 
thermopotential have given negative values for the potential when 
electrodes and salts were solids. If the first part of the general thermo- 
potential equation is still negligible, we expect positive values for the 
thermopotential in cells with fused electrodes when the conventional 
transference number of the anion in the solid salt is small or zero. 
Experiments show that this is really the case. 


§ 6. Phe ; PbIy.) ; Phy 
qT, T, 


This system has been investigated experimentally by RrINHOLD and 
Buiacuny [9]. 7, was kept constant at 350° C during the experiments. 
Lead iodide has been found to show cation as well as anion conduction 
at the same time [10]. 

The thermostatic part of the thermopotential for this cell follows 
from equation (3): 


(28a) (Ap/AT), = Spp/2F — t- Spp1,/2F. 


We see that if ¢,- is small, (Ap/AT),, will be positive. An important 
test of our theory may be made by the introduction of the transference 
number for the anion as found by other methods in (28a) and then compare 
the calculated result with the experiments, but we may as well calculate 
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the transference number for the anion by means of (28@) using the experi- 
mental value of the thermopotential, and then compare the transference 
number obtained with the experimental value of the transference number. 
The calculation yields the following value 


(29) f- = 0.20, 
The transference number of the cation therefore is 
(30) tppr+ = 0.80. 


Hevesy and Serrx [10] found the following values for this transference 
number from diffusion and conductance measurements: 


(ease fonts = 0.790.855 
T = 376°C topee = 0.93 1.00; 


It may be concluded that the values calculated agree within the limits 
of experimental error with the values found by Hevesy and SEIrTH. 
For the cell Pb,,; PbBr,.; Pb, we find in an analogous way 


(31) Eales 


Lead bromide is tabulated as a pure anion conductor, so in this case 
the agreement between calculated thermostatic part of the thermo- 
potential and the experimental thermopotential is not very good. The 
reasons for this may be that the kinetic part of the thermopotential is 
not negligible in this case, but there may also be other reasons as dis- 
cussed by the author [1] in his thesis. 


§ 7. Thermocells with gas electrodes and solid electrolyte 


Experiments on thermocells with gas electrodes have also been per- 
formed by REINHOLD [3]. The cells investigated were of the following 
form 


(32) . X,; MeX,, ; Xo. 
Ty 


T, 
Since — AS can be written 
(33) ~— AS =Sx- — $8x, — 8a, 
we get for the thermopotential using equation (1) 
(34) F Ap/AT = tx-SX- — tyet Stet — Sh — 48x, + tyret Suex- 


The gas electrodes were constructed by absorbing the gas (halogen) 
in graphite, and the electrodes therefore act as solid electrodes with 
respect to space conditions. 

Recalling the discussion in the section on cells with solid metal electrodes 
and cation-conducting electrolyte, we see that the transference number 
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for the anion as defined here will always equal unity when the cells consist 
of gas electrodes and a solid electrolyte. 
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For the thermopotential of such cells we shall therefore always have 
(35) F Ag/AT = Sx- — 8G — $Sx,, 


no matter what the conventional transference numbers are. 
The thermostatic part of (35) reads 


(36) F (Ag/AT), = — Ss,]2. 


This thermostatic part has been calculated by the author for a number 
of systems [1]. In the figures 5, 6 and 7 is shown the agreement between 
the calculated thermostatic part of the thermopotential and the experi- 
mental results for three cells of this type. 


§ 8. Thermocells with fused salts 


For thermocells with fused electrolyte we expect equation (1) to yield 
the thermopotential when the conventional transference numbers are 
inserted. The thermostatic part of the thermopotential is given by (3). 
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For instance for the system 
(37) Ag 3 AgNO; ; Ag 
equation (3) reads 
(38) F (Ag/AT) 5 = Sse — txo,- Sacro, 


The cell (25) has been experimentally investigated by the author [8.] 
However, as the transference numbers in pure fused salts are not known, 
no comparison between calculated thermostatic value and experimental 
results can be made. The possibility of complex formation in fused salts 
should also be considered. If present, the complex should be treated 
in the same way as hydrated ion complexes were treated by the author [1] 
in his theory for thermocells with ionic solutions. 


$9. Conclusions 


We have calculated the “thermostatic part’? of the thermopotential 
for a number of thermocells with solid electrolyte. It is remarkable that 
the results of these calculations in most cases coincide with the experi- 
mental results within the limits of experimental error. 

We can therefore conclude that the first part of the general expression 
for the thermopotential is of negligible magnitude in most of these cells. 
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THERMOCELLS CONTAINING ELECTROLYTIC SOLUTIONS *) 


BY 


HANS HOLTAN Jr?) 
(Institute for Theoretical Physics, University, Utrecht, Netherlands) 


(Communicated by Prof. J. M. Brsvorr at the meeting of September 26, 1953) 


Abstract 


As recently described [1, 2, 3] the expression for the thermopotential 
in pure thermocells can be split into a “kinetic” and a “‘thermostatic” 
part. For thermocells with solid salts the “‘thermostatic’’ part agrees 
in most cases with the experimental thermopotential. This shows that 
the kinetic part is negligible in these cells. In the present paper the 
“thermostatic” part is calculated for thermocells with electrolytic solutions. 
An accurate calculation of this term is not possible as the amount of 
solvent transported by an electrical current through the solution has 
not been determined accurately enough. We can therefore draw no 
definite conclusions as to the contribution of the first part of the expression 
to the thermopotential. However, roughly the same trend is found in 
the results calculated as in the experimental results when variations of 
concentration and solutions of different chlorides are considered. This 
would not have been found if the solvation of the ions had been neglected 
as has been done in earlier treatments of the thermopotential for cells 
containing electrolytic solutions. 


Introduction 


It has recently been shown [1, 2] that the thermopotential for a 
thermocell containing an electrolytic solution consisting of two kinds 
of charged particles when the Soret effect is hindered, is given by 


F Ag/4T = — (t-I2-) St — (t/z*) St — 85 — AS + 


(1) 
vis (-/z-) Sen ai (t+ /2*) oy + Sa ) 


where F is Faraday’s number, 4gy/A7' the thermopotential per degree 
temperature difference between the identical electrodes, # and z~ the 
transference number and charge of the negative ions, respectively, f+ and 
zt the corresponding quantities for the positive ions, ,S¥ and ,S* the 
molar entropy of transfer of the hydrated anion and cation complexes, 
respectively, S* the molar entropy of transfer of the electrons in the 

') Abstracted from the author’s thesis, presented to the University, Utrecht, 
April 1953. 

*) Present address: Det Norske Zinkkompani A/S, Eitrheim pr. Odda, Norway. 
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metallic phase of the thermocell, ,S, and ,8, the molar entropies of the 
hydrated ion complexes and S,, the molar entropy of the electrons in 
the metallic phase. 

The partial molar entropy of the complex is related to the partial 
molar entropy of the unhydrated ion by the relation [1] 


(2) i Hy +N, 4,, 


where N, is the number of mols of solvent which are bound to the complex 
of ion i, and S, is the partial molar entropy of the solvent, which in the 
cases to be treated here is water. 

Introducing (2) into (1) we get 


| ( FAg/ar = - = St- st-—sy-48+ 48,4 
(3) , t- t+ t- 
/ +=8,4(5N.4+25,)8,48,. 
For instance for the thermocell 
(4) Ag; AgCl, MCl(aq.), AgCl ; Ag, 
sy T+AT 


where MCI is a 1—1 chloride, we get 

(5) PAQ/AT = 8%. = tt Shs — 85 + Sag — Sager + tt Sua + ANSu 
where 

(6) AN = Ne tN, 


is the number of mols of water carried from anode to cathode compartment 
when one Faraday of electricity has passed through the solution. 
The “thermostatic” part of this equation reads 


(7) F (Ag/AT) 5, = Sag — Saga + t* Sua + ANSy0- 
Equation (7) may be rewritten 


F (Agl/AT)p = 8, — Sant t [ Skrea — 2R x 2.303 log m + 


(8) — 2B x 2.303 log f* — 2RT x 2.303 SEF] + 


dT 


4+ AN (St.0 _ 2,303 R log N, — 2.303 R log f, — 2.303 RT ae), 
where S%, is the standard state entropy of the salt, 7.e. the molar 
entropy in the hypothetic one molal solution with heat content as in 
infinite dilution, S%,, is the standard state entropy of water, 7.e. the 
molar entropy in the pure state, m is the molality of the salt in solution, 
and N,, the mol fraction of the solvent, f* is the mean activity coefficient 
of the solute and f, the activity coefficient of the solvent (water). 
The terms — 2.303 R log f, and 2.303 RT d log f,/dT are of negligible 
33 Series B 
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magnitude [1], and the term d log /,/d7T for a univalent ion i in a 1—1 
electrolyte has been evaluated by TyreLt and Ho.uis [4] using the 
following limiting expression for the Debye-Hiickel law 


(9) — log f, = (1.8123 x 10° Vu) (DT), 


where yu is the ionic strength of the solution and D the dielectric constant 
of the solvent. Using WyMman’s [5] and Drake, Pierce and Dow’s [6] 
results from the measurement of the dielectric constant of water as a 
function of the temperature, they obtained 


(10) d (log f,))/dT = 2 x 10-° log f;. 


It should be noted that this equation is based upon the limiting form 
of the Debye-Hiickel equation. It is therefore only valid in very dilute 
solutions, and a small error introduced by using this approximation 
may become large when multiplied with R7’. In spite of this fact, the 
error introduced by using equation (10) for moderate concentrations is 
small compared to the uncertainty by which the water transference is 
determined. For some solutions the mean activity coefficient of the solute 
is determined as a function of the temperature and the approximation 
(10) need not be applied. 

In earlier treatments of thermocells containing aqueous solutions the 
water transference has not been taken into account. 

As the term AWN is known only approximately an accurate calculation 
of the thermostatic part of the thermopotential is not possible, and it 
is therefore difficult to control whether the first part of the expression 
for the thermopotential contributes to the total thermopotential or not. 
However, it is still interesting to see if equation (5) gives the same trend 
as the experimental results as for instance with respect to changes in 
concentration, and if the same sequence is obtained when solutions of 
different salts are considered. 

Detailed calculations of the thermostatic part of the expression for 
the thermopotential have been performed by the author [1] for the 
thermocell (4), which has been investigated experimentally by Brry- 
HARDT and CROcCKFORD [7] and CrocKForp and Haut [8]. They investigat- 
ed cells containing solutions of hydrochloric acid, ammonium chloride, 
lithium chloride, sodium chloride, potassium chloride, rhubidium chloride 
and cesium chloride in 1.0, 0.5, 0.25, 0.05, 0.025 and 0.01 molal solutions. 

The results of the calculations are given in the following table I. 

We see that we get roughly the same sequence in the calculated results 
as in the experimental. If the hydration of the ions were not taken into 
account, this would not have been found. 

Quantitatively there is, however, no agreement between the calculated 
thermostatic part and the experimental results especially for hydro- 
chloric acid. This may be due to incorrect values of AN, but the discrepancy 
may also be due to the fact that the term containing the entropies of 
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TABLE I 

Chloride Molality (Ag/AT),, (Ap/AT exp 
HCl. 0.22 —0.08 
CsCl. 0.36 0.18 
NaCl 0.44 0.23 
= e TR = 1 
ti he a eer ae 0.65 0.26 
We eink: end 0.79 0.29 
iS 20.8 Fe eee ean 0.88 0.29 
HCl 0.59 0.15 
CsCl. 0.58 0.43 
NaCl 0.62 0.48 
KCl. at Mg 0.69 0.49 
LiCl . 0.97 05len 
NH,Cl 1.09 0.50 
“ELS yoko, oh a an re 0.78 0.28 
Te pe 0.71 0.56 
MatW oh ol. s, -b- 0.74 0.62 
tt Lt eee cee eee 0.99 0.62 
“oon 1.06 0.61 
Weitere 1.22 0.62 


transfer is not negligible for solutions. Further conclusions can not be 
drawn before more accurate data are available for the transport of solvent 
during electrolysis. 

The system 


(11) Hg; Hg,Cl,, MCl(aq.), Hg,Cl, ; Hg 
T; T2 


has been investigated experimentally by Ricuarps [9]. 

The results of a calculation of the “‘thermostatic” part of the thermo- 
potential for this system are given in Table II. The “thermostatic” 
values are calculated at 25° C, whereas the experimental values are mean 
values between 0° and 25° C. 


TABLE II 
Chloride Molality (Ap/AT) 5+ (Ag/AT oxy 
1c RGN eed eee 0.55 0.33 
NaCl O77 0.56 
KCl Ti — 1 0.98 0.61 


NaCl 1.07 0.95 
ROS. m = 0.01 1.32 0.94 
NH,Cl. 1.55 1.20 
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The question marks in connection with the experimental results in 
the table are quoted from the original paper. 

We see that the results are similar to those given for the preceding 
system. No more examples will be given as AN is only determined for 
a few substances, chiefly chlorides. Moreover, the most recent experiments 
have been performed on cells having more complicated solutions (several 
charged components) [4]. 

Potential measurements have formerly been used for the calculation 
of heats of transfer and single ion activities [7, 8, 10]. This is not correct. 
Moreover, the hydration effect was not taken nie account. As pointed 
out by Tyrret and Hot.is [11] the heats of transfer calculated from 
these experiments are in contradiction with the experimental results 
obtained in studying the Soret effect. 
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THEORY AND APPLICATION OF HIGH RESOLUTION 
INTERFEROMETERS 


BY 


F. BRUIN 


(Zeeman Laboratory, University of Amsterdam, the Netherlands) 
Part I 


THE ETALON OF Fabry AND PEROT 


(Communicated by Prof. C. J. BAKKER at the meeting of September 26, 1953) 


Summary 

The theory of the etalon is given in such a way as to make a comparison 
of its applications in different wavelength regions. Special attention is 
paid to microwaves and the measurement of the electric and magnetic 
properties of gases. A list of symbols and references is included at the 
end of part 3. 


1. Introduction and basic theory 

In the following paper a treatment is given of one of the most simple 
and most accurate physical instruments: the interferometer with multi- 
fold reflection. It will be shown that there are practically no limitations 
concerning the wavelength region in which the instrument may be used. 
The difficulties which are found in the application of millimeter waves 
arise from the production and detection of these waves, whereas with 
the help of an interferometer the measurement of their wavelengths will 
be as simple and precise as in the optical or centimeter wave region. 

The theory for multifold reflection of electromagnetic waves between 
two flat and parallel boundaries was first given by Arry [1] in 1831. From 
his theory it follows that one may favourably influence the appearance of 
the interference pattern by making the number of reflections as large as 
possible. BouLoveH [20] noticed (1893) that this can be reached by 
increasing the reflective power of the boundaries, i.e. applying either 
high-reflecting material or making the waves reflect at a large angle with 
the normal of the surface. The theory of Arry, which does not take into 
account phase jumps at the reflecting surfaces and losses in the medium 
between them, has been treated in a more general way by MAacLAuRIN [2] 
and was extended later on by KuraKkawa [3] for acoustical vibrations. 
In the following the theory has been revised in such a way as to obtain a 
general treatment and a uniform notation for both the optical and the 
microwave region and to furnish formulae which make a direct application 
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possible. Also in the basic treatment effects have been accounted for which 
appear to be of little importance for application. This has been done in 
order to show what influence on the accuracy of the results derived the 
ignoration of such effects may have. The rationalized Giorgi system of 
electromagnetic units has been used, although the units millimeter and 
micron have been used freely whenever this seemed advantageous. 

Suppose a plane harmonic electromagnetic wave, progressing in the 
a-direction is given by 


(1) Pag ge 


w being the angular frequency and jx the propagation constant of the medium 


(2) a = oVeu 

with ¢« =e! —je” and w= p' —ju" being the complex permittivity and 
permeability of the medium respectively. With physical experiments we 
are able to measure the real and imaginary part of « so it appears practical 
to put 


(3) m= 0 — Jo” 


x’ is called the phase constant and «" the attenuation constant, both being 
real quantities. However, as we wish to know e’, uw’, e” and uw”, which are 
properties of the medium only, we must try to express these quantities 
in «’ and «” or vice versa. Often, especially in the case of gases, e” and y”, 
which are a measure for the losses in the medium, are considerably smaller 
than e’ and w’. This implies that there should be no resonance phenomena 
in the medium. Throughout this paper we will assume that this is the case. 
By putting (2) equal to (3) and separating the real and imaginary parts 
we may deduce the following simple expressions for «’ and «” 


(4) 2 =o) a! it! [1 +3 (5- rane 

5 "2 __ elu! 5 [5 BP 

(9) Oo ee gy rice, 

From these formulae we see that the value of «” (and to a large extent 
also the value of «’) is similarly influenced by a magnetic or an electric 


activity of the medium. For working out observations it is also convenient 
to know that, under the restrictions mentioned above, 
19 "ug 


(6) w eu! & a= —«% 


and from (5) and (6) 
(7) ([+4) ao 
Of the complex refractive index, which is generally defined by 


(8) N = N =4N" <0 Ven, 6 =o, 
V €o Ho 


517 


we are interested in the real part 


APE ue poe 1 re Lhe. p’\2 Ds; 
(9) N =_ 0 =ovew [1+ 5-5) | woven 
of which we shall mostly apply the approximation by the last term. 
The imaginary part N” of the refractive index is called the absorption 
index. 

It should be noted that the attenuation constant «”, which is used here, 
is not to be confused with the absorption coefficient as used in microwave 
technics and often represented by the symbol «. The latter quantity 
indicates the power losses per unit of length, whereas «”/N’ denotes the 
decrease of wave amplitude per unit of length. The relation between these 
two quantities is given by 

2a” 
(10) DW “amicr.)- 

We now consider two parallel thin flat boundaries (named I and II in 
figure 1) at a mutual distance L. We will imagine these boundaries, which 


Fig. 1. Complex amplitudes of waves reflecting between the flat parallel boundaries 
I and II 


from now we will call the plates for the sake of convenience, to extend to 
infinity. Outside the plates there will be vacuo whereas between the 
plates a homogeneous medium will be assumed to be present. From 
the left plane electromagnetic waves Y%, hit plate I at an angle ¢ . These 
waves will be partly reflected and refracted and the resulting waves will 
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be plane as well, because the plates and the wavefronts are infinitely large. 
Suppose the incident wave is given by 


te 
(11) YP Sa Oe he) ky = 0 V Eqhig 


in which a) = x Cos gy and yy = y sin gp, because the wave is incident at 
an angle q, (figure 1). The following notation will be simplified if we 
introduce the quantities 


(12) = ee = e~ (e" +40") fis e7i = Cet ee a: = eit +1) 


r being the reflection coefficient and t the transmission coefficient of the 
plates, s being the propagation coefficient of the medium. We assume that 
the first two quantities are independent of the direction from which the 
waves arrive, which is a good approximation for small values of 9. 
In analogy with (11) 2, and y, in (12) stand for x cos gy, and y sin gy, respect- 
ively, y, indicating the direction of the waves between the plates. After 
having passed the first plate, but before the first reflection against plate II 
the wave is given by 


(13) Yt @ Oe on) = gee 


Just before the first reflection this is s,fa@®', in which s, =s, with 
« =D and y = L sin g,. When x = L the part s, a &' will be refracted 
and transmitted to the right and the part 7 s,t a e°' is reflected to the left. 
This procedure goes on as is schematically drawn in figure 1. After 2k 
reflections the amplitude of the transmitted wave is given by 


14 8, E2 @ E~ Flot Uo) 2k 2k eo OJ 
L L 


in which » and yp are not independent coordinates but related to a chosen 
point of origin. Because of this the total amplitude A of the transmitted 
waves at some point past the second plate is not found by simply taking 
the sum over k of the infinite number of amplitudes (14). Instead one 
should carry out the following procedure. Suppose we wish to know the 
total amplitude in point P of figure 1. To the first component which is 
transmitted we should not add the amplitude of the second component 
at @ but the one in & on the wavefront through P. This means that before 
addition we should multiply the amplitude of the 2k-th component by 
exp jx kQR. We then find 


Cc 
Pap elon oh .O% ‘ Te 1 
(15) A = 8, qe iMoltotm) } 72k 2k — 5. 48g e—imltotw) =i 
~ =e 


or 


1 
9° 
EA ana. == Sy, t* le 


in which s = exp jal cos ¢, is found by simple geometry (see figure 5 
part II) assuming SNewurus law of refraction is valid for the boundary. 
The amplitude of the transmitted waves is of special interest for optical 
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applications. In some cases one may also wish to know the amplitude B 
of the waves somewhere between the plates. We easily find 


B=s,ta > rs + 5, _,ta,ra > r% gt 
c% 


k=0 

or 
84+8L—78E7 

(16) Bate 35. 
It should be noted that the summation of the complex quantities used 
here following KuraKkawa [3] offers no difficulty, whereas in the early 
treatments with real quantities (as performed by Arey and others) it 
appears necessary to substitute a trigonometric relation, which sub- 
stitution is not obvious [4]. 

If in the case of a certain experiment it appears desirable to know the 
resulting reflected wave from plate II, the amplitude of this wave may be 
calculated in the same way. 

If we substitute in (15) the quantities defined in (12) we obtain 


ea (2! Ly + jx!Ly)— 20" +72") 


(17) A=a 


]—¢— 2" L, Fi2/Ly) — 20" +0”) 


in which L, = L cos gy, and L, = L/cos ¢g,. In order to find the intensity 
of the transmitted waves we multiply A by its complex conjugate A* 


a?], e~220"+0") 


(18) eS earrig tg iia ele: 


In the same way we find for the intensity of the waves between the plates 


a?/, e—(20"+0") (sinh? [x"(L,—x,)—(0”/2)|—sin? [«’(L,—,) —(0’/2 
(19) BB+ — 24 [ a ee c—%)—(e'/2)11 | 
For low losses the intensity of the resulting reflected wave from plate I 
need not always be calculated in the same way but may be found in first 
approximation by subtracting AA* from the total intensity falling on 
plate I. 

Although by the formulae (18) and (19) the relative value of the inter- 
ference pattern is completely given, for applications it is advisable to 
obtain them in a different form. Therefore we introduce the reflectivity R 


and the transmissivity T of the boundary 


(20) R=e and T =e” 
so that 
(21) r= Re’ and t=Te*’. 


After substitution (18) modifies into 


a?T4 e-20"Ls 
* Sa ee a emcee SS 
(2) MAE (1—R? ¢— 29" Lx)? +4? e— 20" Lain? (aL, +9’) ° 


A similar expression may be put down for B&* but in the following we 
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will confine ourselves to the transmitted waves. The theory for BB* may 
be worked out along the same lines starting from (19). 

When we consider (22) we note that R? and e**’” have the same in- 
fluence on the shape of the interference pattern. Therefore it seems efficient 
to replace their product by a new parameter, which we will call the fringe 
factor f: 


(23) f == Re?" wy R21 — 2x"L,) 


This is the fraction of the intensity of the wave which is left after it has 
suffered one reflection and has travelled a distance L, between the plates. 

If «”Z, is a small quantity, as is often the case in applications, this 
product may be replaced by the last expression in (23). (In optics generally 
a simpler derivation is given in which «” is taken equal to zero, so that 
f = R*). Substitution of f in (22) results in 


1 _ t aT? 2 
CA AAO rat oa seen ee 
ei) 
in which 
(25) mn = «'L, + 0’ 


nm being a real dimensionless quantity. 

AA* and BB* reach maximum values when 7 = 7%, with n,. = 0, 1, ... 
and minimum values when n = n) + 4. Generally one calls n, the order 
number. With formula (9) and L, = L cos gy, we find 


(26) n = 2N'oL cos 9, + 0'/a & 2N'oL cos 9, 


in which o is the wave number which is often used in optical applications. 
The figure » indicates the number of waves that fits between the plates. 
If LA, which is the case for most interferometers, 7, is a large integer, 
which is difficult to be definitely determined. On the other hand dif- 
ferences in n may easily but generally not accurately be measured. For 
large n values o'/z is only a small fraction of n which may be neglected in 
most applications. We will do so in the following. 


2. Practical formulae and definitions of practical quantities 

From (24) it may easily be seen that the intensity of the transmitted 
waves as a function of n has a periodic structure. In fig. 2 this intensity 
curve, which in analogy with radio techniques we shall call the resonance 
curve, is plotted for different values of the parameter f. A curve of this 
kind is found in all experiments in which the intensity of multiple inter- 
fering waves is measured. In optics this is the case for the etalon of Fasry 
and Prror [5], in ultrasonics for the interferometer of Prerce [6], in 
microwave technics and acoustics for all measurements with cavities and 
resonating waveguides. In the latter regions it*is often possible to measure 


521 


in addition to the amplitude also the phase relation of the electric and 
magnetic waves, so that the results can be advantageously expressed in 
terms of complex impedances. Although such a treatment is also possible 
for lightwaves it has found practically no application and we will not use 
the concept of impedance in the present paper. 

For values of f<1 we may write for (24) 

4 4f ‘ 
(27) L=J, pe ecole 
An intensity distribution of this kind is represented by the top curve of 
figure 2, for which f = 0.08. It was this sine wave pattern which was 


Fig. 2. Resonance curve of interferometer with multifold reflection 


observed by the physicists who first investigated the optical interference 
phenomenon. It results from the multifold reflections of lightwaves against 
uncoated glassplates, which have a rather low reflection coefficient. For a 
good interferometer one may assume that f is very nearly unity and for 
that case we will discuss some characteristic properties of the resonance 
curve and some quantities connected with it. From the fundamental 
relation between wavenumber (or wavelength), frequency and phase 
velocity in free space and in vacuo 


(28) “ =j=c, 
we find at once that for small changes 


(29) ac dv Aa’ 


The intensity of the resonance curve reaches its half-value if the denomi- 
nator in (24) equals 2, so if sin? am = (1 — f)?/4f. Putting n = n) + An we 
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find sin? an = sin? a(n) + An) = sin? zAn. If we now define, when reaching 
half intensity, 4n = An,/2, we find 


sin? 7 —? = oe 
and } 
(30) Any == are sin Pw OTe Anges. 


The distance Any (or Ady, A1'9, Aa) between the points where I has decreased 
to half its maximum value is called the half-value width of the resonance 
curve. The approximation of An, by the last term in (30) is correct for the 
case that f is nearly 1, which we have assumed. 

From a mathematical point of view it would seem advantageous to 
express the characteristic properties of the resonance curve in terms of 
the variable n, yet in practice it has become a custom to take the frequency 
y or the wavenumber o as this variable. We will mostly follow the latter 
convention. 

Our notation may be simplified a little more by introducing an effective 
optical distance L,, given by 


(31) LL, = N’L cos @, 
so that equation (26) reduces to 
(32) n= 21,0. 


From this relation we immediately find the change of n with o which 
we will call the order-dispersion of the interferometer (dn/do, dn/dd, etc.). 
If for small changes we assume that NV’ and @ do not change with o these 
expressions become very simple. 

If in An = 2L,Ao we take dn =n —n, = 1 then 


1 


(33) Ag=c;= ST 


is called the spectral range (Dispersionsgebiet). So a large spectral range is 
connected with a small order-dispersion and small L,. We now introduce 


(34) = =a, 

or with (30) 

(35) pal sie ——— 

This quantity, which we will call the dispersion ratio, may be a little 


more convenient to use and may have a wider field of application than 
the resolving limit proposed by Touansky [7]. As D denotes the number 
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of times that doy fits between two orders it expresses more or less the 
amount of freedom between two succeeding orders. 

A useful quantity is the so-called quality factor or Q-factor of a resonance 
curve defined by 


(36) Q=— 


b } 
Ady 


in which oy is a resonance wavenumber of the interferometer. The Q-factor 
is nearly equal to a quantity called the resolving power, first introduced 
by Raytereu [7] and defined only for the diffraction pattern of a grating. 
If we take (36) also as the definition of the resolving power there will be 
no danger for confusion with older data derived on the basis of RAYLEIGH’S 
definition as the latter has been exclusively used as a measure of the 
quality of instruments for which figure no high accuracy is desired. 
Moreover it may be derived from Arry’s formula (24) that two resonance 
patterns of the same maximum intensity and relatively shifted by an 
amount An, give rise to dips in the resulting peaks which leave 0.81 of the 
total intensity, which is equal to the limit of resolution in RAYLEIGH’s 
criterion. By means of (26) from which follows (taking N’ and  inde- 
pendent of oc) 

Bul Saud eee 

Ac An AL 
and with formula (29) we may express the Q-factor in terms of wavelength, 
frequency or any of the other variables so that 


a5 Ny aN Vi ~, Zo 
G7) fe Aces ey Say: 


It may be shown [4] that a finite number m of beams with equal intensity 
and with equal difference in phase between every two succeeding beams 
will supply an intensity curve 
sin? maAn 

38) fet ee rr rae 
Between every two succeeding maxima this well-known interference 
pattern shows a number of m— 2 small maxima and m— 1 zeros. The 
distance from a large maximum to the first zero is equal to dn = 1/m and 
is practically equal to the half value width An, so that 
oe 

Any’ 


(39) m m > 1, 


In analogy to this we may call 1/An) = D the effective number of beams of 
an etalon. This means that D beams of equal intensity and constant 
phase difference will supply the same half value width as the infinite 
number of beams of decreasing intensity of the etalon. 
Returning to our original problem we may now write for (24) 


1 
1 [ sinaAn 72° 


sin 7An,/2 


(40) Leds 
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In some cases we are only interested in the shape of the resonance curve 
near a maximum. Then we can use the approximation 


sin zAn w aAn, 


so that 


1 
(41) Lzsl, ae 
1+ 4@*(=) 
Or still nearer to a maximum 


(42) 1=1,[1-4@ (=)']. 


Equation (41) is often found for a vibrating system having only a single 
mode of resonance, e.g. the classical electron in the Lorentz theory of 
dielectrics or the lumped LC-circuit in network theory. From (42) we learn 
that near a maximum the curve may be approximated by a parabola. 
Most practical applications start from the expressions (40), (41) or (42). 

It may be of some interest that the interference pattern can be described 
in a second way which is to some extent more natural than the foregoing 
method. Starting from relation (24), for the derivation of which nearly 
no approximations were necessary, we find, introducing the double angle, 
Io ed 
Lae 


(43) T= = 
Typ 8 27 

which is the formula of an ellipse in polar coordinates and with eccen- 
tricity 


(44) Pe) 


An example of such an ellipse is drawn in figure 3. 


istfs, 


Fig. 3. Resonance curve in polar codrdinates. The ellipse having an eccentricity 
e wf = 0.85 


The advantage when drawing the resonance curve in polar coordinates 
is obviously that one may apply one of the well-known geometrical 
constructions for an ellipse. In fact the easiest way of drawing figure 2 
is to start from the corresponding polar diagram. 

Some of the quantities which were introduced in the foregoing are 
collected in table I. A distinction has been made between optical and 
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guiding interferometers because it will be shown later that interferometers 


for microwaves require slightly different expressions for Ay, a, and Q. 
These have already been inserted here. 


TABLE I 


Useful quantities for the etalon. 


General 


Optical suiding 
nas ae gece. 
ee as Se OY Fe Ore? 
ee A eres 
(45) D ace in Ao, = 21, Aoy = Vt Ay, 2 
Oo vu aw.3 ay Y, Oy _ Oo Ne (Ze) Ho 
4a, Bly Ay, Ac, Ang Ady Any 
1 ik Zh. al 
Op= (Np) — 9(%—1) oa TE TE OVE 


(to be continued) 


PHYSICS 


THEORY AND APPLICATION OF HIGH RESOLUTION 
INTERFEROMETERS 


BY 
F. BRUIN 
(Zeeman Laboratory, University of Amsterdam, the Netherlands) 
Part IJ *) 


MEASUREMENTS IN THE OPTICAL AND MICROWAVE REGION 


(Communicated by Prof. C. J. Baxxer at the meeting of September 26, 1953) 


Summary 

The application of the formulae derived in part I to measurements of 
absorption and dispersion is discussed. As examples two microwave high 
resolution interferometers are described. 


3. Absorption measurements 

The absorption of the medium between the plates may be determined 
by finding the fringe constant f under different conditions. The value of f 
may easily be obtained from the resonance curve in two ways. First by 
the measurement of the ratio op/Ac, as 


(46) frl—- 


and secondly from the ratio of maximum and minimum intensity, which 
is equal to 


Tee Gis te eee 
Ce Trin A" © 


According to formula (23) the value of / is determined by the absorption 
coefficient «” of the medium and the reflectivity R of the plates. It is 
impossible to obtain from only one resonance curve the losses which are 
connected with each phenomenon separately and therefore generally one 
keeps one of both constant and varies the other one. From the resulting 
change of f one can then evaluate the change of R or «”. It follows from 
(23) that 


(48) 2> nk, -2 >a L = Ynfx ¥(f,-) 


a 


*) Part I, Proc. Kon. Ned. Ak. v. Wet., B56, 515 (1953). 
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so that if «” changes into a}, e.g. by a change of the medium between the 
plates, the influence of this change can be interpreted by attenuation 
constant a} —«a” which follows from 


(49) 2(a" — a4) Jamin go —in fe (f, —1) = (f— 1). 


Thus, if the losses in the interferometer are such that each loss can sepa- 
rately be expressed by an attenuation constant «/, the total attenuation 
constant is given by 


(50) a” = > OH , 


It follows further from (37) and (48) that there is a Q; corresponding with 
each «; so that also 


1 1 
(51) a 2a 


It is possible to give a more general definition of the quality factor Q based 
on energy relations of an oscillating system, after which (51) may be 
derived again. However, for the present subject the above treatment seems 
more suitable. In both treatments it is assumed that the «/ are practically 
independent of frequency in the region of observation. If «” would vary 
considerably with frequency, as is the case for selective absorption 
(spectral lines), the introduction of a Q-factor in our sense would be 
meaningless. 

Some applications. In most experiments f differs only slightly from 
unity so that our approximations will not influence the physical results 
obtained by them. However, for very accurate determinations we should 
not forget that the simple expressions which are mostly used in literature 
are approximations and that in case of great accuracy one should start 
from (30), (40) and the exact expressions of (45), keeping in mind that we 
have treated the problem with plane waves not taking into account 
diffraction due to the finite size of the plates and assuming that these 
plates are perfectly flat and homogeneous. Apart from this the influence 
of our approximations may easily be estimated. 

In case the medium is a solid dielectric in which absorption losses may 
be neglected and the waves reflect against the uncoated boundaries of this 
dielectric, one may express f = A? in its refractive index N’: 

N’ —172 

(52) R=f=|574 
So, in case R can be taken as a constant in the wavelength region con- 
sidered, the observed resonance curve immediately furnishes the refractive 
index. This method has been used by Powxzs [8] to determine the 
permittivity of some ceramic materials. With N’ = Ve'/ey we find 
from (52) for large e'/é 

4 é 
(53) l-feg=4)/%. 
34 Series B 
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In these experiments the material M filled part of a waveguide (as 
indicated in figure 4) and the reflecting surfaces I and II were finished 
very accurately. The transmitted waves were observed with a probe as 


Fig. 4. Schematic drawing of arrangement 
used by Powles. Part of the wave guide is 
taken away to show the interior 


a function of wavelength and in this way a resonance curve of figure 2 
was found. 

If the decrease in intensity is determined only by a weak absorption 
between the plates (neglecting reflection losses, taking plates of high 
reflecting material) then one finds from (23) 


2a"L, =1—f 
so that 
5 _ No 2D 1 _ aN’ cos? 9, 
cy @ Ho, Lape A aati eee 


2a«"/)/N‘ is the power fraction which is absorbed per free space wavelength 
in the medium at resonance. 

If one takes for the quality factor of the empty interferometer Q, and 
for the one which would exist if only the medium would give rise to losses 
Qm, then according to (51) and (54) the reciprocal value of the observed 
Q will be 


cere ere. 
Q OF “Nas ~ Q. | aN’ cos? Yi 
so that 
" IN’ cos? 
(55) Om = ie (9 oe |= = aN’ cos? g, [Aog— Ady J 


This formula was used by BLeaNry and PENROSE [9] to measure the 
absolute absorption of ammonia gas at a wavelength of 12.5 mm by means 
of a cavity resonator. Its application is obviously not restricted to this 
wavelength region. 

Remembering (24) that J, contains a factor f/(1 — f)? it follows from (41) 
that the ratio of the peak values of the intensity with and without an 
absorbing medium is equal to 


2 A 
(56) ca le] =(s2:] 
He Ve A ery 
from which by means of (54) «”, may be determined as well. When points 
of the resonance curve are obtained by galvanometer readings it may 
be inconvenient to measure the half value width or the Q-value directly. 


Instead a distance 24¢ may then be measured between two points which 
are near and symmetrical to a maximum. This symmetry is obtained by 
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taking two points with an equal decrease in intensity AZ at both sides 
of the maximum. It follows from (42) that 


(57) Ar _ 4Q2 (=). 


If we perform two measurements for the same o, each time taking the 
same relative decrease AJ//, obtaining the readings Ao and Ao,, it follows 
from (41) that 


FR 1 1 240—2Ao, 7/Iy 
ie C2 e Go AI 
and also 
Fr 4o Q 
tes Ac. ” 
so that with (55) 
(60) a”, = AN’ cos? ¢, (2A0 — 2Ao,) | ety 


As may be seen from the foregoing formulae in most measurements it is 
convenient to have a calibrated quadratic instrument as a detector. In the 
microwave region this is mostly a germanium diode. 


4. The measurement of phase relations 


In order to observe the interference pattern in optics a weakly diverging 
beam of light is used. As we shall see for microwaves there are other 
reasons to have an obliquely incident ray. The classical way to derive the 
phase difference in optics is by means of figure 5 in which a ray of light is 


Fig. 5. Well-known picture of the light path from 
which follows the phase difference 


drawn, which is reflected between two parallel plates in a medium with 
refractive index N’. In this way we find for two succeeding rays the same 
phase difference as we found in a somewhat more general way before 


ea tg ~, SIN Y = 2L ——?0 _ 2N'L cos gy. 


(61) niA-= N =e ees 


The optical etalon of Faspry and Perror is mainly used to measure small 
differences in wavenumber or in refractive index, keeping L fixed. The 
desired variations immediately follow from (32) in which o = og and 
nN =) in case one starts from a maximum of intensity. 
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In order to prevent diffraction phenomena at larger wavelengths without 
making the size of the interfering system too large, one applies a metal 
guide. This has the effect that the path of the rays is folded up, as is 
indicated in figure 6 for a rectangular guide. From this drawing we may 
see that the ‘unfolded’ ray (dashed line) is reflected in the same way as 
in the optical case. Because of the possibility of describing these guided 
waves in the same way as the free waves in the foregoing one may apply 
the same formulae such as (24) and (26). However, from this guiding 
boundary an extra boundary restriction arises, the consequences of which 
we will deal with now. 


Fig. 6a Fig. 6b 


Rays and wavefronts in a rectangular waveguide 


Although in the optical region it appeared advantageous to use the 
wavenumber as a parameter, in microwave technics it is often more 
convenient to use the wavelength instead. Waves travelling down a 
symmetric guide may be split into an even number of symmetrically 
arranged travelling waves. For a guide of rectangular cross section these 
may be the two flat waves of which the wave fronts are sketched in 
figure 6b. We find from this figure 


A, = 2btg y, 
(62) i so = as sii a 
WW? = Ay 008 $4 ( A ) Ae AG 


with A, = 2b for these so-called Ho,-waves. Formula (62) is valid for any 
mode of vibration in any waveguide, if 2, is given the right value. For 
instance for the important H), mode in a guide with circular cross section 
having a diameter D we find 4, = D/1.2197. 

The angle y, which is usually small for the optical interferometer, but 
which in that case may further be arbitrarily chosen (e.g. the plate of 
LumMMER and GEHRCKD), is now fixed by the application of the guiding 
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boundaries and is rather large in practical cases. Therefore in microwave 
technics it is found more convenient to measure or calculate A, instead 
of g,. This has a practical advantage only, for theoretically y, and /, are 
equivalent because of the relations 

F ‘i wa 

eet COS Wy, earl Sin $y. 

In order to derive the behaviour of guided waves in a medium causing 
losses one could start from 


2at\2 
(64) a? — 8 = (7) 


in which jx, is the propagation constant in the guide direction. This 
relation, which is closely connected with (62) follows from the solution of 
the MaxweELu equations for guided electromagnetic waves [21]. The term 
(2z/A,)? is determined by the boundary conditions. 

Following the previously used notation with «? = weu (2), both ¢ and 
u being complex quantities, we may put 


(63) 


- ey 276 . 
(65) Kg = & — JX == A, — ]&,- 
g 


Separating the real and imaginary parts in (64) and applying (65) we 
easily find 


iy 2 
(66) x" =a ie *) al2, 


oy apna [SAY —1] eG, 


From these relations we see how the optical expressions for «”? and «’?, 
(4) and (9), should be modified to obtain their microwave counterparts 
a? and ae . For application to microwave measurements (66) and (67) 
may be more conveniently written in the following form 


69 Sea ay 

9 GY fs -$8]+ Sh Eek 

or combining them 

0) G) D+ Gry ata) -Pel-ats 


in which we may neglect ew’ /e'u' for all ee eas in which no 
resonance occurs in the medium in the guide. It should be noted that by 
means of (70) the accurate value of N’ can only be easily obtained in the 
case that the losses are very small, N’ ~ 1 and d, » A, e.g. for gaseous 
media and using wide guides. In that case (70) reduces to (62). Different 
from the transmission etalon, resonance in a waveguide is obtained when 
22 is an integer number of guide-wavelengths, so that in 


(71) 2b = nd, 
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” = N) should be an integer. However, although this is a condition different 
from the one for the etalon with (63) it leads to 


(72) nh => 2D =2N'L cos py, 
“9 


which is the same expression as was derived for waves transmitted by the 
etalon (61). Yet concerning phase differences the theory of the waveguide 
interferometer differs from that of the etalon, and it will be shown that 
the latter may be considered as a limiting case of the former. 


Variable j-expervments 
Tf we write the resonance condition for a waveguide interferometer (71) 
in the slightly different form 


(73) eee 


we may compare it directly to the equivalent optical expression oy = n/2L, 
(32). 

To find the half-width Ac, and the spectral range op) we cannot apply 
the procedure by which we obtained (33) because in the optical case 
cos g, and thus L, was considered to be independent of wavelength. 

We should now start from (62) from which the following useful formula 
may first be derived, keeping L and A, constant and looking for the 
variation of n with A or o. 


Ao 1 A 2 An 
ig) Seo sG el ages 
So with (72), if we take An = 1 or An = Any respectively, we obtain: 
Fra Lee ad _ lady Any 
(75) C= Wiz, on? 4% Naz,’ oz: 


In both expressions N’ is taken to be independent of wavelength. The 
formulae (73), (74) and (75) have been added to table I, part I. From 
the relations (63) we find for the angle dispersion 

dp _ 1 
(76) di, N’ cos q, 


and for the dispersion in guide wavelength 
dhg = Ag]? AT /2 


Both dispersions reach a minimum for y = 0 or 4, = 4/N’. We see that a 
waveguide acts as a dispersive medium. For resonance L = ny (A,/2) so when 
keeping ny fixed one finds dL = (29/2) ddg and 


dl dh, 
Lo hy 
and with (77) 
dL dh N’1,)2 da 
(78) —=3-[ aes 
L Ag A A 


This formula indicates how much one should change J after a small change 
of 4 in order to maintain resonance. It also gives the relative shift of the 
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standing wave pattern of a once reflected wave due to a relative change 
in 4 [15]. As the minimum observable AZ for practical reasons is of the 
order of 1 micron one should choose a large L, N’ and 4, in order to obtain 
a great accuracy in the determination of 4. 


Fixed j-experiments. 
The refractive index N’ can be evaluated from formula (62) substituting 


A, = 2L/no. If the length of the empty interferometer, which is in resonance 
at a wavelength 4, is Lo, then it follows from (62) keeping n, fixed that 


= ts & 1+ [np A,/2L]2 
m) Te og = TF Lig hel al 
So, if a gas is let in and, keeping 4 constant, L,) has to be changed into D 
in order to maintain resonance at the same 7,, then the refractive index 
of the gas follows from the determination of /,, L, and L. If one does not 
start from vacuo but from an air medium, then the N’ of air must be 
known in order to reduce the measured JL for air to L, for vacuo. 

Generally the change JL = L, — L one must bring about in order to 
maintain resonance is small in comparison to J. In that case we can 
approximate (79) to 

' A 72 AL 2L, 
(80) EAE SPA ee ee 
Especially in optical measurements, but sometimes also when a wave- 
guide or cavity is used, when measuring N’ one keeps L fixed and observes 
how many orders the interference pattern is shifted. For the optical 
system this shift directly follows from (26), for microwaves it is easily 
calculated. If the order number without medium is 7) and with a medium 
is 7) + An, then we find in the optical case, keeping L, o and 9, fixed, 
, 2DLN’cosgo nn t+An An 
(81) W = ee lt 
In a waveguide ¢, is a function of N’ and instead of (26) formula (62) must 
be applied. With 4, = 2L/no, 4, = 2L/(m) + An) we find 
(82) we-1=[A]% 24"). 
m+ Ng 
For /, — 4, so fora relatively wide guide, we obtain the optical result (81). 
If An is small we can simplify (82) to 
A 2 dn 

(83) NAS Tes ae 
The refractive index of most gases at atmospheric pressure differs from 
unity only in the fourth decimal. If we wish to measure N’* — 1 up to 
the fourth figure we must know 2, dn, n) and L with the same accuracy 
and take care that the quantities which we have taken as constants in the 
above theory (A, and L) do not change appreciably during the measure- 
ments. Especially if one wishes to measure the variation of N’ with 
temperature or pressure for practical reasons a short cavity is to be 
preferred to a waveguide interferometer. 
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The accurate determination of An is difficult and puts an upper limit 
to the accuracy. For a given A one can increase An by making A, and ny 
(and thus L) large, but by doing this in the case of guided waves the 
maxima of the resonance curve become flatter and interpolation becomes 
more difficult. We shall discuss this in some detail in the following. 

In the microwave region the most accurate method to determine An 
is that of measuring this difference in frequency using the relations (74) 
and (83). However the apparatus then becomes rather complicated and 
reasonable results have been obtained by Gozzrnt [10] and Brrnspavum [11] 
using simple interpolation in the resonance pattern. GozzINI compared 
the shift of a waveguide interferometer pattern when filled with a gas to 
the resonance curve of a fixed cavity, whereas BriRNBAUM compared the 
relative shift of the resonance curves of two equal cavities if one of them 
was filled with gas. Both could evaluate NV’? —1 to the third figure so 
that the approximate formula (83) was still valid. 

In order to check the theory of the guide interferometer earlier experi- 
ments in the Zeeman laboratory [12] using waves with a wavelength of 
12.5 mm were continued with a copper guide having the following 
dimensions 


I = 9.065 meter, a = 4.2mm, 6 = 10.50 mm, 


a being the height and b the width of the rectangular cross-section. 

The guide was closed by mica windows (the plates) having a thickness 
of 0.1 mm and could be evacuated. The experimental set-up was of a 
simple conventional type [12], a 12.5 mm 233 klystron being the oscil- 
lator. 

The waves generated by the klystron entered the interferometer through 
a mica window and were detected by a crystal diode after having passed 
the second window. As the klystron was frequency-modulated by the saw- 
tooth voltage of an oscilloscope time base, a small part of the spectrum 
transmitted by the interferometer could be visualized directly on the 
screen of a LF oscilloscope. Figure 7 shows a typical oscilloscope trace of 
the interference curves which were studied. The distance between the 
maxima was measured with a cylindrical Hy, cavity wavemeter which was 
calibrated [13] against a number of spectral lines of NH, which gas shows 
selective absorption in this region. By means of this calibration it became 
possible to find the constants in (62) which gave the best fit to the frequency 
curve of the cavity. The resulting formula was 


/13.369 2.2468 


(84) 0 a (M+4)2? 

y resonance frequency of the cavity 

D diameter of the cavity, being 17.430 mm 

M reading in mm on the micrometer connected to the plunger shaft 
A difference between this reading and the actual height of the cavity 


cylinder, being 0.728 mm. 
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As the micrometer reading M could be estimated up to less than a 
micron for this wavemeter, the frequencies could be determined to 
0.3 Me/s. For this precision the shifts of the resonance curves could still 
be observed directly on the oscilloscope screen, so that for this purpose 
no complicated electronic technique was necessary. 

The curve of figure 7 was photographed twice, once showing the absorp- 
tion due to the cavity wavemeter on peak no 6 at a frequency of 


CAVITY 
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Fig. 7. Resonance curve of a long waveguide interferometer as shown on an 

oscilloscope screen. Because of relatively large losses in the walls of the guide the 

sharp maxima are not pronounced. The incident intensity I) varies considerably 
with frequency 


23630.3 Mc/s. To give an idea of the accuracy in frequency by means of 
the calibrated cavity, the observations from the curve of figure 7 have 
been collected in table II. 

Excluding reading number 10, which is inaccurate, the covered frequency 
range is about 100 Mc/s and the mean value of y, is 13.0 + 0.5 Me/s. The 
irregular values of vp, which are certainly outside the limit of accuracy, 
may be explained by reflectioris against intermediate flanges connecting 
parts of the guide. If we neglect these for a moment, assuming a perfectly 
straight guide of constant cross-section, a much higher accuracy in the 
determination of », may be obtained starting from the geometrical 
dimensions of the interferometer and applying formula (75) with N’ = I: 

fie fl 
(85) Vp =C> 7, BL’ 
From formula (62) we find, taking A, = 2b = 21.00 mm 
A, = 15.94 mm 


so that according to (85) vp = 13.08 Mc/s approximately. The accuracy 
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TABLE II 
Measurement of the spectral range of a long waveguide interferometer by means 
of a calibrated short interferometer (cavity-wavemeter). Values have been taken 
around n,) = 1137 


ES 


| 


Number of maxi- Reading of Corresponding Measured 
mum in resonance micrometer on frequency cal- frequency 
curve wavemeter culated from (84) difference 
n M(mm) y,,(Mc/s) ¥p(Me/s) 
1 13.233 23565.2 
13.2 + 0.3 
2 13.196 23578.4 
12.1 
3 13.162 23590.5 
13.7 
4 13.123 23604.2 
13.8 
5 13.085 23618.0 
12.3 
6 13.051 23630.3 
13.1 
7 13.015 23643.4 
. 12.9 
8 12.980 23656.3 
12.9 
9 12.945 23669.2 
(10.1) 
(10) 12.918 23679.3 


in determining 7, and v, or A1y is now set by the accuracy of A4,, which is 
fixed by the one of b. The variations of b over a length of waveguide may 
vary considerably and our estimated inaccuracy of 0.1 °% for a well drawn 
pipe may be a little optimistic. Therefore only because of this already we 
cannot expect the evaluation of yp or Ary in general to be more accurate 
than O21i95. 

Yet, if undesired reflections could be avoided the value of », deduced 
from the roughly determined waveguide dimensions is more accurate by a 
factor 10 than the value obtained with a carefully calibrated cavity- 
resonator. Therefore it seems worth while to investigate to what extent 
the accuracy in the final determination of N’ directly from the wave- 
guide dimensions is affected by small irregularities in the guide crosssection. 

After some elementary calculations it is found that the relation for a 
perfect guide (62) should in this case be replaced by the expression 


o Cry 2 +B) BQ aa) 


in which A, is some value Rie near the mean value of the cut-off wave- 


length 2, and Ad, is the mean deviation from 7,. In order to determine N’ 
for fixed A we should replace (80) by 


(87) =2 [Se] [1 - Se @)']. 


537 


There appear to be two ways to make the correction term i (3) 
Cc 


as small as possible, i.e. by choosing the correct mode of vibration and by 
making /, short. If for constructive reasons we limit our interest to a guide 
with circular cross-section it is found that of the basic modes the H,-mode 
is the preferable one having the largest ratio of 2, and guide diameter 
D (3,/D = 1.70). However, this mode has no axial symmetry so that it 
may offer electrical as well as mechanical difficulties to control it properly. 
Taking the Hj-mode instead, for which 2,/D = 0.82, these difficulties are 
avoided as it has rotational symmetry whereas we have the additional 
advantage that it has the lowest attenuation for low values of 4,. 
Obviously a short A, is obtained for a high frequency and relatively large 
guide diaineter. 
~ On these arguments a well-machined waveguide-interferometer with 
circular cross-section was manufactured, a drawing of which is shown 
in figure 8. The relatively short cylindrical barrel (ny ~ 45) and the applied 
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Fig. 8 


H,-mode result in a Q-factor of about 60,000, which is about 12 times as 
large as the one of the long interferometer built from rectangular guide. 
The diameter of this barrel is 22.22 + 0.01 mm so that the correction term 
in (87) is certainly smaller than 10-%. 

Tuning the interferometer to the resonance frequency of some ammonia 
rotational line by means of the micrometer and reading the difference 
AL by means of the mirror on top of the micrometer one may evaluate 
the refractive index N’ of some gas at that frequency with the aid of 
formula (87) directly from the dimensions of the interferometer. This 
means that the determination of the permittivity of some gas has 
now been reduced purely to the measurement of length, just as it is the 
case in electrostatics with a calibrated condensor. 

The accuracy in the determination of N’—1 for a gas like nitrogen 
at N.T.P., neglecting possible errors due to uncertainties in pressure and 
temperature etc., may be better than one part in 10°. 


(to be concluded) 
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For many years fishermen have dredged up fossil bones from the sea- 
bottom off the coast of Walcheren and in the Eastern and Western Scheldt. 
Many of these proved to be so well preserved that identification of the 
species was possible. Sometimes, on account of this, the age ot the fossils 
could be determined. It appeared that both the Lower and the Upper 
Pleistocene were represented. However, it often occurred that the species- 
determination by itself could not give a decisive answer to the question 
of the age. For this reason another method of dating was sought. 

A method which at first appeared to be successful was the estimation 
of the ash-percentages of the bones. It is based on the fact that during 
the process of fossilisation a part of the organic material of the bones is 
lost. This involves that the older a bone is the higher the percentage of 
inorganic material. However, the measure of increase is to a high degree 
dependent on the milieu. Probakly all the bones from Zealand were 
deposited in sediments which were lithologically similar 1). 

The method fails when applied to material from different sediments. 

More satisfactory results are obtained by using the fluorine-dating 
method. This method has, as OAKLEY showed, a history going back to a 
date as early as 1806). Bones consist mainly of hydroxylapatite, 
Ca;(PO,);(0H). When fluorine ions come into contact with the mineral 
matter of bones a process of ionic interchange takes place. Thus the 
hydroxylapatite can be converted into fluorapatite: Ca,(PO,),F. This 
process was used by Oakuey for a statistical dating of fossil bones by 
means of chemical analysis. 


I. Crystallographic part 
The chemical analysis of the fluorine content is very laborious and 
*) I. M. van Der VuierK, Zeeland in het IJstijdvak, Akademiedagen Kon. 
Ned. Ak. van Wetensch., 4, 110-124 (1951). 


*) K. P. Oaktey, Dating Fossil Human Remains, in: Kroeber, Anthropology 
Today, p. 48-56 (Univ. of Chicago Press, 1953). 
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there are many sources of errors. We studied therefore the possibility of 
determining the fluorine contents of the apatite-substance of fossil bones 
by means of X-ray crystallography. In most mixed-crystal series (‘solid 
solutions’) the lattice constants change with variations in chemical 
composition. These changes in the lattice parameters can be measured by 
X-ray crystallographic methods. Most scientists hold the view that bones 
consist mainly of hydroxylapatite or hydroxyl-fluor-apatites. WALLAEYS 
and CHAUDRON 8) published the following values of the lattice constants 
for the two pure end-members of the hydroxyl-fluorapatite series: 


ar Co 
Synthetic hydroxylapatite 9,483 6,868 
Synthetic fluorapatite 9,350 6,870 


The differences are very small, but W. G. PeRpDoK *) could show, that 
with appropriate methods the two apatites can be distinguished quite 
easily by means of a powder-diagram and that there is a possibility of 
determining the fluorine-contents of mixed crystals of the hydroxyl- 
fluorapatite series. According to WaLLAEYS and CHAUDRON the relation 
between the chemical composition and the size of the lattice-constants 
of the apatite series is almost rectilinear. 

We chose the powder method of DEBYE-SCHERRER, using a camera 
with a diameter of 19 cm and copper K,-radiation *). It was found that 
pulverized bone produces an indistinct diagram because the degree of 
crystallinity of the bone-substance is meagre and the size of the individual 
crystals is very minute. Therefore the pulverized bone had to be heated 
at a temperature of 800° C for six hours in order to get a diagram with 
sharp and well defined diffraction-lines. We found that the diffraction- 
lines of well crystallized apatities do not undergo a change of position 
during the process of heating at a temperature as high as 800° C. 

The calculation of the exact values of the lattice-constants is quite 
laborious as there are numerous corrections to be made. We have chosen 
a much simpler method. It consists in measuring the distance between 
two suitable lines, with different indices, lying close together in the 
diagram, one with indices hk0 (the position depending only on the ao- 
parameter) and the other one of the 001-type (depending only on the 
value of cy). The strong lines 140 and 004 are most suitable (see plate I). 
If the fluorine-percentage increases, the said lines move towards each 
other. Using this method, we obtain another advantage: errors owing to 
shrinkage of the film are for these short distances very small and there is 
no need for other correction (e.g. absorption etc.). We are measuring the 


3) M. M. C. WatLarys et G. Coaupron, Sur la préparation de certaines apatites 
mixtes, Compt. Rend. des Séances A. Sci., 231, 355-357 (1950). 

4) W.G. Perpox, Die Aufnahme von Fluorionen durch Zahnschmelz. Schweiz. 
Monatsschrift fiir Zahnheilkunde, 62, 249-269 (1952). 

5) The diagrams are prepared with great skill by Mr A. VERHOORN. 


540 


distances of the diffraction-lines with the aid of the “Universal measuring 
machine, model 1951” of the Cambridge Instrument Co. Ltd. 

When studying a film with good diagrams and sharp lines, repeated 
measurements of the same distance do not produce greater divergences 
than 0.01 mm. 

A synthetic fluorapatite with 3,60 °% F %) gave us a value of 2.76 mm 
for the distance 004-140 (camera with diameter of 19 cm; CuK, -radiation). 
For a pure hydroxylapatite we found a value of 3.15 mm. As there was 
some discussion 7) about the question if the substance of bones consists 
either of hydroxyl-fluor-carbonate-apatites or of hydroxyl-fluor-apatites, 
we made diagrams of dahllite (hydroxyl-carbonate-apatite) and francolite 
(fluor-carbonate-apatite). The diagram of dahllite is identical with that 
of hydroxylapatite; the diagram of francolite is clearly different from that 
of fluorapatite, the distance 004-140 being 2,175, much smaller than that 
of fluorapatite. The powder-diagram of all the bones (of recent to tertiary 
age) which were prepared in our laboratory gives values varying from 
2,76 to 3,14 (see table 1 and figure 1). Up to now we did not find a single 
bone with a distance smaller than 2,76. The range of variation is thus the 
typical one for the solid solutions of hydroxyl-fluorapatites; francolite is 
not found as a natural constituent of fossil bones. 


Distances 140-004 4n mm: 3 j } Oa ee 


Recent 


Holocene 


Jubantian 


Eemian 


Drenthian f x x 


Needian x x 


Pleistocene 


Taxandrian 


Tighan xx x x x 


Praetiglian 


KAKK 


II. Stratigraphic part 
To test the accuracy of this X-ray method twenty eight bones were 
6) Pure Fluorapatite should have 3,8 % F. 


7) See & ex. Tu. Grrcur, Beitriige zum Problem der Karbonatapatite. Schweiz. 
Min. Petr. Mitt., 30, 161-181 (1950). 


EK. NIGGLI, C. J. OVERWEEL anv I. M. VAN DER VLERK: An 
X-ray crystallographical application of the fluorine-dating method of 
fossil bones 
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: 
4 
&: 


PLATE I. X-ray-powder-diagrains (Cu K,-radiation) 
1. Dahllite of Mouillac (France). Hydroxyl-carbonate-apatite. The diagram of 
hydroxylapatite is identical. 
2. rib of Bos taurus Linn. (Recent). 
femur of Loxodonta (Hesperoloxodon) antiqua (FaLc.) (Needian). 
antler of Cervus falconeri Dawk. (Praetiglian). 
fluorineapatite, synthetic (with 3,60 % F). 
francolite (fluor-carbonato-apatite), Richtersveld (South Africa). 
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researched of which the stratigraphic position was known. The results are 
summarized in table | and figure 1. 

In spite of the good results it is clearly proved that also this method is 
not infallible. This is illustrated by the numbers 1151, 1152 and 1050 
from table 1. The sands in which the molars of Hquus and Rhinoceros are 
found are exposed in a sandpit in the highest part of the town Amersfoort. 
These sands are clearly ice-pushed. This means that the age of the deposit 
must be of Lower Drenthian- or even Needian-age. However, the diagrams 
show a distance of the 140-004 lines of respectively 3.02 and 2.99 mm. 
Therefore we have to deal here with a case where the X-ray diagram leads 
to an underestimation of the age. It is not impossible that this can be 
explained by the fact of a former extreme low level of the soil-water at 


TABLE I 
eee... EE 
No. |No. Geol. Distance 
X-ray Mus. Locality Age 140-004 
diagram) Leiden in diagram 
1054 — Bos taurus LInn., rib — Recent 3.14 mm 
1090 -- Homo sapiens LInn., skull Werkendam Holocene 3.09 mm 
1149 ~- | Canis familiaris Lixn., skull Wiene Holocene 3.08 mm 
1080 12135 | Coelodonta antiquitatis (BuuM.), molar W. Scheldt Tubantian | 3.01 mm 
1089 30609 | Rangifer tarandus LINN., antler Wiene Tubantian | 2.97 mm 
1108 15647 | Coelodonta antiquitatis (BLuM.), femur Hengelo Tubantian | 2.97 mm 
1052 55336 | Coelodonta antiquitatis (BLuM.), skull W. Scheldt Tubantian | 2.97 mm 
1148 — | Large Mammal, rib Elst Tubantian | 2.94 mm 
1048 50480 | Coelodonta antiquitatis (BLuUM.), skull Lith (N. Br.) | Tubantian | 2.94 mm 
1151 — Equus sp., molar Amersfoort Drenthian | 3.02 mm 
1152 — Rhinocerotide, molar Amersfoort Drenthian | 2.99 mm 
1088 14746  Loxodonta antiqua (FAtuc.), molar Neede Needian 2.88 mm 
1146 16595 | Cervus elaphus LINN., astragalus Neede Needian 2.88 mm 
1105 28430  Panthera spelaea (GOLDF.), calcaneus W. Scheldt Needian 2.88 mm 
1096 12182 Hippopotamus amphibius LInn., skull W. Scheldt Needian 2.86 mm 
1050 47370 | Dicerorhinus merckii (JAG.), vertebra Tegelen Tighan 2.90 mm 
1079 53090 | Cervus rhenanus DvB., humerus Tegelen Tigilan 2.84 mm 
1095 53088 | Cervus rhenanus DuB., antler Tegelen Tighan 2.81 mm 
1150 58181 | Cervus tequliensis DuB., vertebra Dorst (N. Br.) | Tighan 2.80 mm 
1086 47375 | Dicerorhinus merckii (JAG.). molar Tegelen Tiglian 279 mm 
1081 12286 | Choneziphius planirostris (Cuv.), skull W. Scheldt Praetiglian | 2.78 mm 
1110 65976 | Odobaenus hualeyi (LANK.), humerus W. Scheldt Praetiglian | 2.78 mm 
1087 42340 | Alachtherium sp., femur E. Scheldt Praetiglian | 2.77 mm 
1106 21044 | Cervus falconert DAwK.., humerus W. Scheldt Praetiglian) 2.76 mm 
1094 42339 | Alachtherium sp., epistropheus| E. Scheldt Praetiglian |) 2.76 mm 
1109 28424 | Cervus falconeri DAWK.., antler W. Scheldt Praetiglian | 2.76 mm 
1091 21098 Alachtherium sp., humerus E. Scheldt Praetighan |) 2.76 mm 
1097 28449 | Alachtherium sp., tibia E. Scheldt Praetiglian | 2.76 mm 
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the locality in question, so that the fluorine-ions did not have enough 
opportunity to come into contact with the mineral matter of the bones. 
An analogical reason cannot be claimed for the overrate of the 140-004 
distance of the vertebra of Dicerorhinus merckii (JAc.) from the Tiglan 
(X-ray diagram n° 1050). This vertebra is from a collection which the 
State Museum of Geology and Mineralogy obtained from the former 
Mission House at Steyl in the province of Limbourg. As most of the bones 
in this collection were collected in the neighbouring clay-pits of Tegelen 
it is very probable that also the vertebra in question is from this site. 
However, it is not excluded that we have to do with a fossil from another 
locality. 

Nevertheless, we think that it is worth the trouble to continue our 
‘investigations by means of this X-ray-crystallographic application of 
OAKLEY’s fluorine-dating method. Above the chemical one it has the 
following four advantages: 


1. Even if all the apatite in a bone has become fluorapatite, the per- 
centage of fluorine may be low on account of impurities in the sample. 
Thus the fluorine contents of bones of the same age at the same site 
may vary widely if some specimens are free from contamination and 
others are contaminated by sediment. OaKkLEy and Hosk«rns 8) 
realized this difficulty and determined 100 x %F/%P,O; in order to 
obtain more reliable data. 

2. The chemical analysis is more laborious and therefore there are more 
sources of error than in the X-ray-method. 

3. A chemical determination of fluorine takes some days. An X-ray 
diagram can be made in one day. 

4. The powder-diagrams remain as neutral documents. The measurements 
can be repeated and compared at any time. 


Finally it should be remarked that the X-ray dating method is only 
suitable for bones younger than Pliocene. The research of bones of Pliocene 
and Miocene mammals showed no other value as that which characterizes 
the bones of mammals from the Lowest Pleistocene. It is obvious, that 
already in these last mentioned bones the hydroxylapatite of the recent 
bones has been completely converted into fluorapatite. Figure 1 shows 
also very clearly that the velocity of replacement of hydroxyl by fluorine 
diminishes with advancing time. The difference between the fluorine- 
contents of e.g. Tiglian and Praetiglian bones is much smaller than that 
between recent and Tubantian bones. This must be the case if the velocity 
of the replacement depends essentially on the velocity of diffusion of 
fluorine-ions within the apatite. 


*) K. P. Oaxuey and C, Ranpatt Hoskins, New Evidence on the antiquity 
of Piltdown Man, Nature, 165, 379 (March 11, 1950). 
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